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Preface

Algebraic statistics is concerned with the development of techniques in algebraic
geometry, commutative algebra, and combinatorics, to address problems in statis-
tics and its applications. On the one hand, algebra provides a powerful tool set
for addressing statistical problems. On the other hand, it is rarely the case that
algebraic techniques are ready-made to address statistical challenges, and usually
new algebraic results need to be developed. This way the dialogue between algebra
and statistics benefits both disciplines.

Algebraic statistics is a relatively new field that has developed and changed
rather rapidly over the last fifteen years. One of the first pieces of work in this area
was the paper of Diaconis and the second author [33], which introduced the notion
of a Markov basis for log-linear statistical models and showed its connection to
commutative algebra. From there, the algebra/statistics connection spread to a
number of different areas including the design of experiments (highlighted in the
monograph [74]), graphical models, phylogenetic invariants, parametric inference,
algebraic tools for maximum likelihood estimation, and disclosure limitation, to
name just a few. References to this literature are surveyed in the editorial [47] and
the two review articles [4, 41] in a special issue of the journal Statistica Sinica.
An area where there has been particularly strong activity is in applications to
computational biology, which is highlighted in the book Algebraic Statistics for
Computational Biology of Lior Pachter and the second author [73]. We will some-
times refer to that book as the “ASCB book.”

These lecture notes arose out of a five-day Oberwolfach Seminar, given at the
Mathematisches Forschunginstitut Oberwolfach (MFO), in Germany’s Black For-
est, over the days May 12-16, 2008. The seminar lectures provided an introduction
to some of the fundamental notions in algebraic statistics, as well as a snapshot
of some of the current research directions. Given such a short timeframe, we were
forced to pick and choose topics to present, and many areas of active research
in algebraic statistics have been left out. Still, we hope that these notes give an
overview of some of the main ideas in the area and directions for future research.

The lecture notes are an expanded version of the thirteen lectures we gave
throughout the week, with many more examples and background material than
we could fit into our hour-long lectures. The first five chapters cover the material
in those thirteen lectures and roughly correspond to the five days of the workshop.
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Chapter 1 reviews statistical tests for contingency table analysis and explains the
notion of a Markov basis for a log-linear model. We connect this notion to com-
mutative algebra, and give some of the most important structural theorems about
Markov bases. Chapter 2 is concerned with likelihood inference in algebraic statis-
tical models. We introduce these models for discrete and normal random variables,
explain how to solve the likelihood equations parametrically and implicitly, and
show how model geometry connects to asymptotics of likelihood ratio statistics.
Chapter 3 is an algebraic study of conditional independence structures. We intro-
duce these generally, and then focus in on the special class of graphical models.
Chapter 4 is an introduction to hidden variable models. From the algebraic point
of view, these models often give rise to secant varieties. Finally, Chapter 5 con-
cerns Bayesian integrals, both from an asymptotic large-sample perspective and
from the standpoint of exact evaluation for small samples.

During our week in Oberwolfach, we held several student problem sessions to
complement our lectures. We created eight problems highlighting material from the
different lectures and assigned the students into groups to work on these problems.
The exercises presented a range of computational and theoretical challenges. After
daily and sometimes late-night problem solving sessions, the students wrote up
solutions, which appear in Chapter 6. On the closing day of the workshop, we held
an open problem session, where we and the participants presented open research
problems related to algebraic statistics. These appear in Chapter 7.

There are many people to thank for their help in the preparation of this book.
First, we would like to thank the MFO and its staff for hosting our Oberwolfach
Seminar, which provided a wonderful environment for our research lectures. In par-
ticular, we thank MFO director Gert-Martin Greuel for suggesting that we prepare
these lecture notes. Second, we thank Birkh&duser editor Thomas Hempfling for
his help with our manuscript. Third, we acknowledge support by grants from the
U.S. National Science Foundation (Drton DMS-0746265; Sturmfels DMS-0456960;
Sullivant DMS-0700078 and 0840795). Bernd Sturmfels was also supported by
an Alexander von Humboldt research prize at TU Berlin. Finally, and most im-
portantly, we would like to thank the participants of the seminar. Their great
enthusiasm and energy created a very stimulating environment for teaching this
material. The participants were Florian Block, Dustin Cartwright, Filip Cools,
Jorn Dannemann, Alex Engstrom, Thomas Friedrich, Hajo Holzmann, Thomas
Kahle, Anna Kedzierska, Martina Kubitzke, Krzysztof Latuszynski, Shaowei Lin,
Hugo Maruri-Aguilar, Sofia Massa, Helene Neufeld, Mounir Nisse, Johannes Rauh,
Christof Soger, Carlos Trenado, Oliver Wienand, Zhigiang Xu, Or Zuk, and Piotr
Zwiernik.



Chapter 1

Markov Bases

This chapter introduces the fundamental notion of a Markov basis, which repre-
sents one of the first connections between commutative algebra and statistics. This
connection was made in the work of Diaconis and Sturmfels [33] on contingency
table analysis. Statistical hypotheses about contingency tables can be tested in an
exact approach by performing random walks on a constrained set of tables with
non-negative integer entries. Markov bases are of key importance to this statis-
tical methodology because they comprise moves between tables that ensure that
the random walk connects every pair of tables in the considered set.

Section [1.1| reviews the basics of contingency tables and exact tests; for more
background see also the books by Agresti [1], Bishop, Holland, Fienberg [18], or
Christensen [21]. Section |1.2) discusses Markov bases in the context of hierarchical
log-linear models and undirected graphical models. The problem of computing
Markov bases is addressed in Section [1.3] where the problem is placed in the
general context of integer lattices and tied to the algebraic notion of a lattice
ideal.

1.1 Hypothesis Tests for Contingency Tables

A contingency table contains counts obtained by cross-classifying observed cases
according to two or more discrete criteria. Here the word ‘discrete’ refers to cri-
teria with a finite number of possible levels. As an example consider the 2 x 2-
contingency table shown in Table This table, which is taken from [T}, §5.2.2],
presents a classification of 326 homicide indictments in Florida in the 1970s. The
two binary classification criteria are the defendant’s race and whether or not the
defendant received the death penalty. A basic question of interest for this table is
whether at the time death penalty decisions were made independently of the de-
fendant’s race. In this section we will discuss statistical tests of such independence
hypotheses as well as generalizations for larger tables.
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Death Penalty
Defendant’s Race  Yes No Total

White 19 141 160
Black 17 149 166
Total 36 290 326

Table 1.1.1: Data on death penalty verdicts.

Classifying a randomly selected case according to two criteria with r and ¢
levels, respectively, yields two random variables X and Y. We code their possible
outcomes as [r] and [c], where [r] := {1,2,...,r} and [] := {1,2,...,c}. All
probabilistic information about X and Y is contained in the joint probabilities

pU:P(X:ZvYZJ)7 Z-E[’I"},jE[C],

which determine in particular the marginal probabilities

piv =Y piy=P(X =1i), i€l
j=1

prj =y piy=PY =j), jeld.
=1

Definition 1.1.1. The two random variables X and Y are independent if the joint
probabilities factor as p;; = p;+p+; for all i € [r] and j € [¢]. We use the symbol
X 1Y to denote independence of X and Y.

Proposition 1.1.2. The two random variables X andY are independent if and only
if the r x c-matriz p = (p;;) has rank 1.

Proof. (=>): The factorization in Definition [1.1.1] writes the matrix p as the prod-
uct of the column vector filled with the marginal probabilities p;y and the row
vector filled with the probabilities p ;. It follows that p has rank 1.

(<=): Since p has rank 1, it can be written as p = ab’ for a € R” and b € R°.
All entries in p being non-negative, ¢ and b can be chosen to have non-negative
entries as well. Let ay and by be the sums of the entries in a and b, respectively.
Then, p;+ = a;bs, py; = a4 b;, and ay by = 1. Therefore, p;; = a;b; = a;bra b; =
DitP+; for all 4, 7. O

Suppose now that we randomly select n cases that give rise to n independent
pairs of discrete random variables

x@ X2 x ()
that are all drawn from the same distribution, that is,

P(X®) =4 v®) = j)y =p;; forallie[r], jeld, ke n.
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The joint probability matrix p = (p;;) for this distribution is considered to be an
unknown element of the rc¢ — 1 dimensional probability simplex

Apeq = {q e R™¢ : ¢;; > 0for all i, j and quij = 1}.

i=1j=1

A statistical model M is a subset of A,._1. It represents the set of all candidates
for the unknown distribution p.

Definition 1.1.3. The independence model for X and Y is the set
Mxuy ={p € Ape—1 : rank(p) = 1}.

The independence model M x 1y is the intersection of the probability sim-
plex A,._1 and the set of all matrices p = (p;;) such that

PijPki — PitPkj =0 (1.1.2)

forall1 <i< k <randl < j <! < c. Thesolution set to this system of quadratic
equations is known as the Segre variety in algebraic geometry. If all probabilities
are positive, then the vanishing of the 2 x 2-minor in (1.1.2)) corresponds to

Dij /pil

=1. 1.1.3
Dkj/Pki ( )

Ratios of probabilities being termed odds, the ratio in is known as an odds
ratio in the statistical literature.

The order of the observed pairs in carries no information about p and
we summarize the observations in a table of counts

Uij = Z 1{X(k):i7y(k):j}, i€lr], j €. (1.1.4)
k=1

The table U = (U;;) is a two-way contingency table. We denote the set of all
contingency tables that may arise for fixed sample size n by

T(n):= {u e N"™e iiu” = n}
i=1 j=1

Proposition 1.1.4. The random table U = (U;;) has a multinomial distribution,
that is, if u € T(n) and n is fized, then

n! ——
P(U - u) B uyluga! s ! H Hpij].

>t =1 j=1
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Proof. We observe U = u if and only if the observations in include each
pair (i,7) € [r] x [c] exactly u;; times. The product [, I]; pyj"" is the probability
of observing one particular sequence containing each (i, ;) exactly u,; times. The
pre-multiplied multinomial coefficient counts the possible sequences. O

Consider now the hypothesis testing problem
Hy:peMxuy versus Hy:pg€Mxuy. (1.1.5)

In other words, we seek to decide whether or not the contingency table U provides
evidence against the null hypothesis Hy, which postulates that the unknown joint
distribution p belongs to the independence model M x j y. This is the question of
interest in the death penalty example in Table and we present two common
approaches to this problem.

Chi-square test of independence. If Hj is true, then p;; = p;+p4;, and the ex-
pected number of occurrences of the joint event {X =4,Y = j} is np;4p1;. The
two sets of marginal probabilities can be estimated by the corresponding empirical

proportions
. Ui+ R Uy
. = — and L = — s
Pi+ n P n

where the row total

Uip = Y Uy
j=1

counts how often the event {X = i} occurred in our data, and the similarly defined
column total Uy; counts the occurrences of {Y = j}. We can thus estimate the
expected counts np;4py; by 4;; = np;4p4;. The chi-square statistic

X*(U) = ¥ 1.1.6
RN Ve (116)
compares the expected counts ;; to the observed counts U;; taking into account
how likely we estimate each joint event to be. Intuitively, if the null hypothesis is
true, we expect X2 to be small since U should be close to 4. The chi-square test
rejects the hypothesis Hy, if the statistic X2 comes out to be “too large.”
What is “too large”? This can be gauged using a probability calculation. Let
u € T(n) be a contingency table containing observed numerical values such as,
for instance, Table Let X?2(u) be the corresponding numerical evaluation
of the chi-square statistic. We would like to compute the probability that the
random variable X2(U) defined in takes a value greater than or equal to
X?2(u) provided that Hy is true. This probability is the p-value of the test. If the
p-value is very small, then it is unlikely to observe a table with chi-square statistic
value as large or larger than X?(u) when drawing data from a distribution in the
independence model M x 1 y. A small p-value thus presents evidence against Hy.
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Suppose the p-value for our data is indeed very small, say 0.003. Then, as-
suming that the model specified by the null hypothesis Hj is true, the chance of
observing data such as those we were presented with or even more extreme is only
3 in 1000. There are now two possible conclusions. Either we conclude that this
rare event with probability 0.003 did indeed occur, or we conclude that the null
hypothesis was wrong. Which conclusion one is willing to adopt is a subjective
decision. However, it has become common practice to reject the null hypothesis
if the p-value is smaller than a threshold on the order of 0.01 to 0.05. The latter
choice of 0.05 has turned into a default in the scientific literature.

On the other hand, if X2(u) is deemed to be small, so that the p-value is
large, the chi-square test is inconclusive. In this case, we say that the chi-square
test does not provide evidence against the null hypothesis.

The above strategy cannot be implemented as such because the probability
distribution of X2(U) depends on where in the model Mx 1y the unknown un-
derlying joint distribution p = (p;;) lies. However, this problem disappears when
considering limiting distributions for growing sample size n.

Definition 1.1.5. The standard normal distribution N(0,1) is the probability dis-
tribution on the real line R that has the density function

fla) = e,

If Z1,...,Zy are independent N(0, 1)-random variables, then Z? + --- + Z2, has
a chi-square distribution with m degrees of freedom, which we denote by x2,.

In the following proposition, we denote the chi-square statistic computed
from an n-sample by X2(U) in order to emphasize the dependence on the sample
size. A proof of this proposition can be found, for example, in [Il, §12.3.3].

Proposition 1.1.6. If the joint distribution of X and Y is determined by an r X c-
matriz p = (pi;) in the independence model Mx 1y and has positive entries, then

lim P(X2(U) >t) = P(X{,_1y_1) =t)  forallt>0.

n—oo

We denote such convergence in distribution by X2(U) 2, X%’r—l)(c—l)'

In this proposition, the shorthand P(X%r—l)(c—l) > t) denotes the probability
P(W > t) for a random variable W that follows a chi-square distribution with
(r—1)(c—1) degrees of freedom. We will continue to use this notation in subsequent
statements about chi-square probabilities.

Each matrix p in the independence model M x |y corresponds to a pair of
two marginal distributions for X and Y, which are in the probability simplices
A,_1 and A._q, respectively. Therefore, the dimension of Mxyy is (r — 1) +
(¢ — 1). The codimension of Mx 1y is the difference between the dimensions of
the underlying probability simplex A,._1 and the model M x j y. We see that the
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degrees of freedom for the limiting chi-square distribution are simply equal to the
codimension (rc—1)— (r—1)—(c—=1) = (r = 1)(c = 1).

The convergence in distribution in Proposition [[.1.6] suggests to gauge the
size of an observed value X?2(u) by computing the probability

P(X{r-1)(e-1) = X7 (u)), (1.1.7)
which is referred to as the p-value for the chi-square test of independence.

Example 1.1.7. For the death penalty example in Table r = c = 2 and the
degrees of freedom are (r — 1)(¢ — 1) = 1. The p-value in ([1.1.7)) can be computed
using the following piece of code for the statistical software R [75]:

> u = matrix(c(19,17,141,149),2,2)
> chisq.test(u,correct=FALSE)

Pearson’s Chi-squared test

data: u
X-squared = 0.2214, df = 1, p-value = 0.638

The p-value being large, there is no evidence against the independence model. [

We next present an alternative approach to the testing problem (1.1.5[). This
approach is exact in that it avoids asymptotic considerations.

Fisher’s exact test. We now consider 2 x 2-contingency tables. In this case, the
distribution of U loses its dependence on the unknown joint distribution p when
we condition on the row and column totals.

Proposition 1.1.8. Suppose r = ¢ = 2. If p = (p;;) € Mxuy and u € T(n),
then the conditional distribution of Uyy given Uy = uiq and Uyy = ugq is the
hypergeometric distribution HypGeo(n,u1y,uy1), that is, the probability

Gt ()
U1l U1 —ULL
()
U1

for uy € {max(0,u1+ + uy1 —n),...,min(uis,usq)} and zero otherwise.

PUi =ui1 | Uiy = u14,Up1 =uyqq) =

Proof. Fix u14 and uyq. Then, as a function of w11, the conditional probability in
question is proportional to the joint probability

P(Ui = w1, Uiy = wiy, Upi = uyqr) = P(Unn = w1, Urg = wig — wan,

Uzt = uyr —uir, Usa = n — Ui — uygr + uir).

By Proposition and after some simplification, this probability equals

n ulJr n— u1+ ) U4 M—UIL Uyl N—Up]
D1y P2 Py1Py2 -
<U1+> <U11> <U+1 —uyy )T AT
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Removing factors that do not depend on ui1, we see that this is proportional to

<U1+> < L U1+ )
Uil U1 — U1l

Evaluating the normalizing constant using the binomial identity

S )= (0)

Uil

yields the claim. O

Suppose u € 7(n) is an observed 2 x 2-contingency table. Proposition m
suggests to base the rejection of Hy in ([1.1.5)) on the (conditional) p-value

P(X*(U) > X2(u) | Uy = u1y,Uqr = uy). (1.1.8)

This leads to the test known as Fisher’s exact test. The computation of the p-value
in ((1.1.8) amounts to summing the hypergeometric probabilities

(o) ()
V11 U4+1—V11

W)
U411

over all values v1; € {max(0, u14+ +u4+1 —n), ..., min(ui4,uy1)} such that the chi-
square statistic for the table with entries v11 and vi2 = w14 —v11, V21 = Ug1 — 11,
U9y = N —U14 — U1+ 11 is greater than or equal to X2 (u), the chi-square statistic
value for the observed table.

Fisher’s exact test can be based on criteria other than the chi-square statistic.
For instance, one could compare a random table U to the observed table u by
calculating which of Uy; and w37 is more likely to occur under the hypergeometric
distribution from Proposition The R command fisher.test(u) in fact
computes the test in this latter form, which can be shown to have optimality
properties that we will not detail here. A discussion of the differences of the two
criteria for comparing the random table U with the data v can be found in [28§].

As presented above, Fisher’s exact test applies only to 2 x 2-contingency
tables but the key idea formalized in Proposition [I.1.§ applies more broadly. This
will be the topic of the remainder of this section.

Multi-way tables and log-linear models. Let X;,..., X,, be discrete random vari-
ables with X taking values in [r;]. Let R = [[\~,[r/], and define the joint proba-
bilities

Pi = Diy..ip, :P(Xl :Zl,,Xm :’Lm), 1= (21,,2m) eER.

These form a joint probability table p = (p;|i € R) that lies in the #R — 1
dimensional probability simplex Az _1. (Note that, as a shorthand, we will often
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use R to represent #R in superscripts and subscripts.) The interior of Ag_1,
denoted int(Axr_1), consists of all strictly positive probability distributions. The
following class of models provides a useful generalization of the independence
model from Definition this is explained in more detail in Example

Definition 1.1.9. Fix a matrix A € Z%*® whose columns all sum to the same value.
The log-linear model associated with A is the set of positive probability tables

My = {p = (p;) € int(Ag—_1) : logp € rowspan(A)},

where rowspan(A) = image(A”) is the linear space spanned by the rows of A. We
note that the term toric model was used for M4 in the ASCB book [73] §1.2].
Consider again a set of counts
Ui = > Lix®og,  x®gy i= (i, im) €R, (1.1.9)
k=1

based on a random n-sample of independent and identically distributed vectors

xa ) \x% x5

The counts U; now form an m-way table U = (U;) in N®. Let

T(n):{uENR : Zui:n}.

i€R

Definition 1.1.10. We call the vector Au the minimal sufficient statistics for the
model M 4, and the set of tables

Fu) ={veN® : Av= Au}

is called the fiber of a contingency table u € 7 (n) with respect to the model M 4.

Our definition of minimal sufficient statistics is pragmatic. In fact, sufficiency
and minimal sufficiency are general statistical notions. When these are applied to
the log-linear model M 4, however, one finds that the vector Au is indeed a minimal
sufficient statistic in the general sense.

Note that since the row span of A is assumed to contain the vector of ones, the
tables in the fiber F(u) sum to n. The next proposition highlights the special role
played by the sufficient statistics and provides a generalization of Proposition|1.1.8
which drove Fisher’s exact test.
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Proposition 1.1.11. If p = A e My and u € T (n), then

n' T
_ _ a” (Au)
PU=u)= 71_[1-673 o e ,

and the conditional probability P(U = u| AU = Au) does not depend on p.
Proof. In generalization of Proposition it holds that

P(U = ’u, H p’U«L — H (AT a);u; _ ﬁ eaT(Au).

[Licr ua! ieR [Licr ua! ieR ierR Wi
Moreover,
PU=u
PU =u|AU = Au) = M,
where
P(AU = Au) = Z _ M e _ . e (4w Z (H Ul) B
vEF(u) [Tier vit . veF(u) \iER " '
It follows that
P(U = u| AU = Au) = — [erwt) (1.1.10)
Zvé]—'(u) 1/ (HiE’R ”i!)
This expression is independent of o and hence independent of p. O
Consider the hypothesis testing problem
Hy:pe My versus Hy:pdg My. (1.1.11)

Based on Proposition [1.1.11] we can generalize Fisher’s exact test by computing
the p-value

P(X2(U) > X2(u) | AU = Au). (1.1.12)
Here .
xX}U)=Y" w (1.1.13)
i€R '

is the natural generalization of the chi-square statistic in . Evaluation of
X2(U) requires computing the model-based expected counts u; = np;, where p;
are the mazimum likelihood estimates discussed in Section [2.1] There, it will also
become clear that the estimates p; are identical for all tables in a fiber F(u).
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Exact computation of the p-value in ((1.1.12]) involves summing over all non-
negative integer solutions to the system of linear equations in (|1.1.10f). Indeed, the

p-value is equal to

2 ver(u) 1x2w)=x2(u)/ (ITier wi!)

Zvef(u) 1/ (HieR Ui!)

In even moderately sized contingency tables, the exact evaluation of that sum can
become prohibitive. However, the p-value can still be approximated using Markov
chain Monte Carlo algorithms for sampling tables from the conditional distribution
of U given AU = Au.

Definition 1.1.12. Let M4 be the log-linear model associated with a matrix A
whose integer kernel we denote by keryz(A). A finite subset B C kerz(A) is a
Markov basis for M 4 if for all uw € T(n) and all pairs v,v" € F(u) there exists a
sequence 1, ...,ur, € B such that

L !
v’:v—i—Zuk and v—l—ZukzO foralll=1,...,L.
k=1 k=1

The elements of the Markov basis are called mowves.

The existence and computation of Markov bases will be the subject of Sec-
tions [[.2] and [I.3] Once we have found such a Markov basis B for the model M4,
we can run the following algorithm that performs a random walk on a fiber F(u).
Algorithm 1.1.13 (Metropolis-Hastings).

Input: A contingency table u € T (n) and a Markov basis B for the model M 4.
Output: A sequence of chi-square statistic values (X%(v;))22, for tables vy in the
fiber F(u).

Step 1: Initialize v1 = u.

Step 2: Fort =1,2,... repeat the following steps:

(i) Select uniformly at random a move u; € B.

(it) If min(v; +ue) < 0, then set vi41 = vy, else set

v+ u
Vey1 = { £t with probability {q ,
Ut 1—¢q

where

P(U:vt+ut|AU:Au)}

q:mm{l’ P(U = v | AU = Au)

(iii) Compute X?(vy).

An important feature of the Metropolis-Hasting algorithm is that the proba-
bility ¢ in Step 2(ii) is defined as a ratio of two conditional probabilities. Therefore,
we never need to evaluate the sum in the denominator in (|1.1.10)).
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Theorem 1.1.14. The output (X?(vy))$2, of Algorithm is an aperiodic, re-
versible and irreducible Markov chain that has stationary distribution equal to the
conditional distribution of X?*(U) given AU = Au.

A proof of this theorem can be found, for example, in [33, Lemma 2.1] or [78]
Chapter 6]. It is clear that selecting the proposed moves u; from a Markov basis
ensures the irreducibility (or connectedness) of the Markov chain. The following

corollary clarifies in which sense Algorithm|1.1.13|computes the p-value in (1.1.12]).

Corollary 1.1.15. With probability one, the output sequence (X2(v;))s2, of Algo-
rithm satisfies

LM
Jim ; Lixzy>x2yy = PX?(U) > X?(u) | AU = Au).

A proof of this law of large numbers can be found in [78, Chapter 6], where
heuristic guidelines for deciding how long to run Algorithm [[.1.13] are also given;
compare [78, Chapter 8]. Algorithm is only the most basic scheme for sam-
pling tables from a fiber. Instead one could also apply a feasible multiple of a
selected Markov basis move. As discussed in [33], this will generally lead to a
better mixing behavior of the constructed Markov chain. However, few theoreti-
cal results are known about the mixing times of these algorithms in the case of
hypergeometric distributions on fibers of contingency tables considered here.

1.2 Markov Bases of Hierarchical Models

Continuing our discussion in Section with each matrix A € Z4*® we associate
a log-linear model M 4. This is the set of probability distributions

My = {peAr_1 : logp € rowspan(A)}.

We assume throughout that the sum of the entries in each column of the matrix
A is a fixed value.

This section introduces the class of hierarchical log-linear models and de-
scribes known results about their Markov bases. Recall that a Markov basis is a
special spanning set of the lattice kerz A, the integral kernel of A. The Markov
basis can be used to perform irreducible random walks over the fibers F(u).

By a lattice we mean a subgroup of the additive group Z®. Markov bases,
and other types of bases, for general lattices will be discussed in Section Often
we will interchangeably speak of the Markov basis for M 4, the Markov basis for
the matrix A, or the Markov basis for the lattice kerz A := ker A N Z®. These
three expressions mean the same thing, and the particular usage depends on the
context. Before describing these objects for general hierarchical models, we will
first focus on the motivating example from the previous section, namely, the model
of independence. This is a special instance of a hierarchical model.
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Example 1.2.1 (Independence). An 7 x ¢ probability table p = (p;;) is in the
independence model M x | y if and only if each p;; factors into the product of the
marginal probabilities p; and py;. If p has all positive entries, then

logpij =logpiy +1logpy;, i€r], j€]d. (1.2.1)

For a concrete example, suppose that r = 2 and ¢ = 3. Then logp is a 2 X 3 matrix,
but we write this matrix as a vector with six coordinates. Then (1.2.1)) states that
the vector logp lies in the row span of the matrix

11 12 13 21 22 23

11 1 0 0 O
o 0 0 1 1 1
A = 1 0 0 1 0 O
0 1 0 0 1 O
0O 0 1 0 0 1

We see that the positive part of the independence model is equal to the log-linear
model M 4. For general table dimensions, A is an (r 4+ ¢) X rc matrix.

Let u be an r x ¢ table, which we again think of in “vectorized” format. The
matrix A that represents the model of independence is determined by the identity

Ay = [
Uy ’

where u.4 and u,. are the vectors of row and columns sums of the table w. In the
particular instance of » = 2 and ¢ = 3, the above identity reads

1110 0 0\ "™ U4
000 1 1 1|2 Uny
AuleOlOOZl?’:uH
01 0010 2 Uio
00100 1)|"“ Uiy

U23

The moves to perform the random walk in Fisher’s exact test of independence are
drawn from the lattice

kery A = {v IS/ kaj =0 for all j, and Zvik = 0 for all z} ,
k=1 k=1

which consists of all r x ¢ integer tables whose row and column sums are zero. [

For the standard model of independence of two discrete random variables,
the lattice kery A contains a collection of obvious small vectors. In the Markov
basis literature, these moves are often known as basic moves. Let e;; denote the
standard unit table, which has a 1 in the (¢, j) position, and zeroes elsewhere. If
u is a vector or matrix, then |lul|; = 2311 |u;| denotes the one-norm of w.



1.2. Markov Bases of Hierarchical Models 19

Proposition 1.2.2. The unique minimal Markov basis for the independence model
Mx .y consists of the following 2 - (;) (;) moves, each having one-norm 4:

B = {:I:(eij—&—ekl—eil—ekj) : 1§i<k§r,1§j<l§c}.

Proof. Let u # v be two non-negative integral tables that have the same row and
column sums. It suffices to show that there is an element b € B, such that u+b > 0
and ||u — v||1 > |Ju + b — v||1, because this implies that we can use elements of
B to bring points in the same fiber closer to one another. Since v and v are not
equal and Au = Aw, there is at least one positive entry in u — v. Without loss of
generality, we may suppose u1; — v11 > 0. Since u — v € kerg A, there is an entry
in the first row of u — v that is negative, say u12 — v12 < 0. By a similar argument
Ugo — Vg2 > 0. But this implies that we can take b = e15 + €21 — €17 — €2 which
attains ||lu — v||1 > |lu+b— ||y and uw+ b > 0 as desired.

The Markov basis B is minimal because if one of the elements of B is omitted
the fiber which contains its positive and negative parts will be disconnected. That
this minimal Markov basis is unique is a consequence of the characterization of
(non)uniqueness of Markov bases in Theorem below. |

As preparation for more complex log-linear models, we mention that it is
often useful to use various unary representations for the Markov basis elements.
That is, we can write a Markov basis element by recording, with multiplicities,
the indices of the non-zero entries that appear. This notation is called tableau
notation.

Example 1.2.3. The tableau notation for the moves in the Markov basis of the

independence model is:
iogl il
kol k j

which corresponds to exchanging e;; + eg; with e;; + ey;. For the move e +e12 —
2e13 — €91 — €99 + 2es3, which arises in Exercise the tableau notation is

N DN = =
W W N~
NN = =
N = W W

Note that the indices 13 and 23 are both repeated twice, since e13 and es3 both
appear with multiplicity two in the move. O

Among the most important classes of log-linear models are the hierarchical
log-linear models. In these models, interactions between random variables are en-
coded by a simplicial complex, whose vertices correspond to the random variables,
and whose faces correspond to interaction factors that are also known as potential
functions. The independence model, discussed above, is the most basic instance of
a hierarchical model. We denote the power set of [m] by 2[™l.
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Definition 1.2.4. A simplicial complez is a set T' C 2[™ such that F € T’ and
S C F implies that S € I'. The elements of I" are called faces of I' and the
inclusion-maximal faces are the facets of I'.

To describe a simplicial complex we need only list its facets. We will use
the bracket notation from the theory of hierarchical log-linear models [21]. For
instance I' = [12][13][23] is the bracket notation for the simplicial complex

I={0,{1},{2}, {3}, {1,2},{1,3},{2,3}}.

As described above, a log-linear model is defined by a non-negative integer
matrix A, and the model M 4 consists of all probability distributions whose co-
ordinatewise logarithm lies in the row span of A. If logp € rowspan(A), there is
an o € R? such that logp = AT . Exponentiating, we have p = exp(ATa). Tt is
natural to use this expression as a parametrization for the set of all probability
distributions lying in the model, in which case, we must introduce a normalizing
constant Z(«) to guarantee that we get a probability distribution:

1

p = mexp(AToz).

We can make things simpler and more algebraic by avoiding the exponential
notation. Instead, we will often use the equivalent monomial notation when writing
the parametrization of a log-linear model. Indeed, setting 6; = exp(«;), we have

d
pj = P(X=j) = %-HGQZ” (1.2.2)

where A = (a;;). This monomial expression can be further abbreviated as % =
H?:l 07" where a; denotes the jth column of A.

The definition of log-linear models depends on first specifying a matrix A =
(@i;), and then describing a family of probability distributions via the parametriza-
tion . For many log-linear models, however, it is easiest to give the monomial
parametrization first, and then recover the matrix A and the sufficient statistics.
In particular, this is true for the family of hierarchical log-linear models.

We use the following convention for writing subindices. If i = (i1, ...,4;,) € R
and F' = {f1, f2,...} C [m] then ir = (iy,,iy,,...). For each subset F' C [m], the
random vector Xr = (Xy)ser has the state space Rr =[] p[ry]-

Definition 1.2.5. Let I' C 2[™ be a simplicial complex and let 7y, ...r,, € N. For
each facet F' € T', we introduce a set of #R p positive parameters 955). The hierar-
chical log-linear model associated with I' is the set of all probability distributions

1
Mr = {p EAR_1 : Pi= 5o H 955) for all i € R}, (1.2.3)

Z(e) Fefacet(T)
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where Z(#) is the normalizing constant (or partition function)

z0)=>" [ .

i€R Fefacet(T)

Example 1.2.6 (Independence). Let I' = [1][2]. Then the hierarchical model con-
sists of all positive probability matrices (p;,;,)

1 9(1)9(2)

Piyi, = Z(G) i1 g

where ) € (0,00)7, j = 1,2. That is, the model consists of all positive rank
one matrices. It is the positive part of the model of independence Mx j vy, or in
algebraic geometric language, the positive part of the Segre variety. O

Example 1.2.7 (No 3-way interaction). Let I' = [12][13][23] be the boundary of a
triangle. The hierarchical model Mr consists of all 71 X 79 X r3 tables (pi, iy, ) With

1 12) 4(13) (23
Piyiziz = mgz(l@)aglig)gz(m)

for some positive real tables (12 € (0,00)"*"2,0(13) € (0,00)"*"3, and A3 ¢
(0, 00)™2*"s, Unlike the case of the model of independence, this important statis-
tical model does not have a correspondence with any classically studied algebraic
variety. In the case of binary random variables, its implicit representation is the
equation

P111P122P212P221 = P112P121P211P222-
That is, the log-linear model consists of all positive probability distributions that

satisfy this quartic equation. Implicit representations for log-linear models will be
explained in detail in Section [1.3] and a general discussion of implicit representa-

tions will appear in Section [2.2 |
Example 1.2.8 (Something more general). Let T' = [12][23][345]. The hierarchical
model Mp consists of all 1 X rg X r3 X 74 X 75 probability tensors (pi,iyizizis) With

1
0(12) g(23) 9(345)

Piyizigisis = Z(0) ivin Yisis Yigigis?

for some positive real tables 8112 € (0,00)"*"2,#(23) € (0,00)"2%"3, and §3*)
(0, 00)"8 %4 X"s  These tables of parameters represent the potential functions. O

To begin to understand the Markov bases of hierarchical models, we must
come to terms with the 0/1 matrices Ar that realize these models in the form
My, In particular, we must determine what linear transformation the matrix
Ar represents. Let u € N® be an r; X --- x r,, contingency table. For any subset
F ={f1, f2,...} € [m], let u|p be the ry, X ry, x --- marginal table such that
(ulp)ip = ZjER[m]\F Ui ;- The table u|p is called the F'-marginal of u.
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Proposition 1.2.9. Let I' = [Fy|[F3] - - -. The matriz Ap represents the linear trans-
formation

U= (U|F1,U|F2, .- ')a
and the I'-marginals are minimal sufficient statistics of the hierarchical model Mt .

Proof. We can read the matrix Ar off the parametrization. In the parametrization,
the rows of Ar correspond to parameters, and the columns correspond to states.
The rows come in blocks that correspond to the facets F' of I'. Each block has
cardinality #Rp. Hence, the rows of Ar are indexed by pairs (F,ir) where F
is a facet of I" and ir € Rp. The columns of Ar are indexed by all elements
of R. The entry in Ar for row index (F,ir) and column index j € R equals
1 if jp = ip and equals zero otherwise. This description follows by reading the
parametrization from down the column of Ar that corresponds to p;. The
description of minimal sufficient statistics as marginals comes from reading this
description across the rows of Ar, where the block corresponding to F, yields the

F-marginal u|p. See Definition |1.1.10 O
Example 1.2.10. Returning to our examples above, for I' = [1][2] corresponding

to the model of independence, the minimal sufficient statistics are the row and
column sums of u € N"*"2 That is

Am[g]u = (u|1,u|2).

Above, we abbreviated these row and column sums by w. and u,., respectively.

For the model of no 3-way interaction, with I' = [12][13][23], the minimal
sufficient statistics consist of all 2-way margins of the three way table u. That is

A[12][13][23]U = (ul12,ul13,ul23)
and A[12][13] (23] is @ matrix wifh rir9 + rir3 + ror3 rows and r1rars columns. [

As far as explicitly writing down the matrix Ar, this can be accomplished in a
uniform way by assuming that the rows and columns are ordered lexicographically.

Example 1.2.11. Let T" = [12][14][23] and r; =73 =r3 =74 = 2. Then Ar is the
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matrix

1111 1112 1121 1122 1211 1212 1221 1222 2111 2112 2121 2122 2211 2212 2221 2222

—_
—_
—_
—_
o
)
o
je)
o
ja)
o
)
o
)
o
)

OO OHOOORrROOO
DO O R OO, OOOoOo
OO OO0 OHHOOO
OO R OO, OO oo
e NoNoNoNeNel SRR
OH OO0, OO O
—H O OO0 OO
H O OO, OOOoO
OCOOHOHROOO RO
S OO R RO RO
OO OO, OO RO
OO RO OO OOoO O
ORr OO OHrHROORrR OO
O OO OO OO
—R o000 RrROOHOO
H OO OO KOO

where the rows correspond to ordering the facets of I' in the order listed above
and using the lexicographic ordering 11 > 12 > 21 > 22 within each facet. |

Now that we know how to produce the matrices Ar, we can begin to compute
examples of Markov bases. The program 4ti2 [57] computes a Markov basis of a
lattice kerz(A) taking as input either the matrix A or a spanning set for kerz A.
By entering a spanning set as input, 4ti2 can also be used to compute Markov
bases for general lattices £ (see Section . A repository of Markov bases for a
range of widely used hierarchical models is being maintained by Thomas Kahle
and Johannes Rauh at http://mbdb.mis.mpg.de/.

Example 1.2.12. We use 4ti2 to compute the Markov basis of the no 3-way inter-
action model I = [12][13][23], for three binary random variables 7y = ro = r3 = 2.
The matrix representing this model has format 12 x 8. First, we create a file no3way
which is the input file consisting of the size of the matrix, and the matrix itself:

12 8

11000000
00110000
00001100
00000011
10100000
01010000
00001010
00000101
10001000
01000100
00100010
00010001
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The Markov basis associated to the kernel of this matrix can be computed using
the command markov no3way, which writes its output to the file no3way.mar.
This file is represented in matrix format as:

18
1-1-11-111-1
The code outputs the Markov basis up to sign. In this case, the Markov basis

consists of 2 elements, the indicated 2 x 2 x 2 table, and its negative. This move
would be represented in tableau notation as

11 1 1 1 2
1 2 2 1 21
2 1 2| |2 11
2 2 1 2 2 2

The move corresponds to the quartic equation at the end of Example O

One of the big challenges in the study of Markov bases of hierarchical models
is to find descriptions of the Markov bases as the simplicial complex I' and the
numbers of states of the random variables vary. When it is not possible to give an
explicit description of the Markov basis (that is, a list of all types of moves needed
in the Markov basis), we might still hope to provide structural or asymptotic
information about the types of moves that could arise. In the remainder of this
section, we describe some results of this type.

For a simplicial complex T', let G(T') = UgerS denote the ground set of T'.

Definition 1.2.13. A simplicial complex T" is reducible, with reducible decomposi-
tion (T'y, S, T2) and separator S C G(I'), if it satisfies I' = T'; Uy and T'yNly = 2.
Furthermore, we here assume that neither I'y nor I's is 2°. A simplicial complex is
decomposable if it is reducible and I'; and I's are decomposable or simplices (that
is, of the form 2% for some R C [m]).

Of the examples we have seen so far, the simplicial complexes [1][2] and
[12][23][345] are decomposable, whereas the simplicial complex [12][13][23] is not
reducible. On the other hand, the complex I' = [12][13][23][345] is reducible but
not decomposable, with reducible decomposition ([12][13][23], {3}, [345]).

If a simplicial complex has a reducible decomposition, then there is naturally
a large class of moves with one-norm equal to four that belong to the lattice
kery Ar. Usually, these moves also appear in some minimal Markov basis.

Lemma 1.2.14. If T is a reducible simplicial complex with reducible decomposition
("1, 8,T'2), then the following set of moves, represented in tableau notation, belongs
to the lattice kery Ar:

o R L A B VA R R PSP

k, K e Rg([‘z)\s}.
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Theorem 1.2.15 (Markov bases of decomposable models [34] [94]).
If T is a decomposable simplicial complex, then the set of moves

B = |J DTy,
(F17S7F2)

with the union over all reducible decompositions of T', is a Markov basis for Ar.

Example 1.2.16. Consider the four-chain T = [12][23][34]. This graph has two dis-
tinct reducible decompositions with minimal separators, namely ([12], {2}, [23][34])
and ([12][23], {3}, [34]). Therefore, the Markov basis consists of moves of two types
D([12],[23][34]) and D([12][23], [34]), which in tableau notation look like:

. .. . . .y . . .. . . .y
1 ) 13 14 1 ] ’L3 24 11 2 ] 14 11 2 ] ’L4
g s T s : and g s T s
1 J 3 U L3 R R = B 2 1 2 ] 1 2 ) U

Note that the decomposition ([12][23], {2, 3}, [23][34]) is also a valid reducible de-
composition of I', but it does not produce any new Markov basis elements. O

Theorem [1.2.15] is a special case of a more general result which determines
the Markov bases for reducible complexes I' from the Markov bases of the pieces
I’y and T'e. For details see the articles [35] [59].

One of the remarkable consequences of Theorem [1.2.15|is that the structure
of the Markov basis of a decomposable hierarchical log-linear model does not
depend on the number of states of the underlying random variables. In particular,
regardless of the sizes r1,79,..., 7, the Markov basis for a decomposable model
always consists of moves with one-norm equal to four, with a precise and global
combinatorial description. The following theorem of De Loera and Onn [29] says
that this nice behavior fails, in the worst possible way, already for the simplest
non-decomposable model. We fix I" = [12][13][23] and consider 3 X 73 x 73 tables,
where 79,73 can be arbitrary. De Loera and Onn refer to these as slim tables.

Theorem 1.2.17 (Slim tables). Let T' = [12][13][23] be the 3-cycle and let v € ZF
be any integer vector. Then there exist ro,73 € N and a coordinate projection
7w Z3XT2XTs 5 7k such that every minimal Markov basis for T' on 3 X 1o X r3
tables contains a vector u such that m(u) = v.

In particular, Theorem [T.2.17|shows that there is no hope for a general bound
on the one-norms of Markov basis elements for non-decomposable models, even for
a fixed simplicial complex I'. On the other hand, if only one of the table dimensions
is allowed to vary, then there is a bounded finite structure to the Markov bases.
This theorem was first proven in [62] and generalizes a result in [81].

Theorem 1.2.18 (Long tables). Let I be a simplicial complex and fix o, ..., 7.
There exists a number b(L',ra,...,1m) < 0o such that the one-norms of the ele-
ments of any minimal Markov basis for T on s X rg X -+ X 1y, tables are less than
or equal to b(T, 1o, ... ,1m). This bound is independent of s, which can grow large.



26 Chapter 1. Markov Bases

From Theorem [1.2.15] we saw that if I" is decomposable and not a sim-
plex, then b(T,r9,...,7,) = 4. One of the first discovered results in the non-
decomposable case was b([12][13][23],3,3) = 20, a result obtained by Aoki and
Takemura [10]. In general, it seems a difficult problem to actually compute the
values b(I", ra, ..., 7., ), although some recent progress was reported by Hemmecke
and Nairn [58]. The proof of Theorem only gives a theoretical upper bound
on this quantity, involving other numbers that are also difficult to compute.

1.3 The Many Bases of an Integer Lattice

The goal of this section is to study the notion of a Markov basis in more combina-
torial and algebraic detail. In particular, we will explain the relationships between
Markov bases and other classical notions of a basis of an integral lattice. In the
setting of log-linear models and hierarchical models, this integral lattice would be
kerz(A) as in Definition One of the highlights of this section is Theorem
which makes a connection between Markov bases and commutative algebra.

We fix any sublattice £ of Z* with the property that the only non-negative
vector in L is the origin. In other words, £ is a subgroup of (ZF, +) that satisfies

£LNnN = {0}

This hypothesis holds for a lattice kerz(A) given by a non-negative integer matrix
A, as encountered in the previous sections, and it ensures that the fiber of any point
u € N¥ is a finite set. Here, by the fiber of u we mean the set of all non-negative
vectors in the same residue class modulo £. This set is denoted

Flu) = (uw+L)NnN = {veNk:u—UEE}.

There are four fundamental problems concerning the fibers: counting F(u), enu-
merating F(u), optimizing over F(u) and sampling from F(u).
The optimization problem is the integer programming problem in lattice form:

minimize w - v subject to v € F(u). (1.3.1)

The sampling problem asks for a random point from F(u), drawn according to
some distribution on F(u). As seen in Section the ability to sample from the
hypergeometric distribution is needed for hypothesis testing, but sometimes the
uniform distribution is also used [32].

These four problems can be solved if we are able to perform (random) walks
that connect the fibers F(u) using simple steps from the lattice £. To this end,
we shall introduce a hierarchy of finite bases in £. The hierarchy looks like this:

lattice basis C Markov basis C Grobner basis

C universal Grobner basis C Graver basis.
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The purpose of this section is to introduce these five concepts. The formal defi-
nitions will be given after the next example. Example serves as a warm-up,
and it shows that all four inclusions among the five different bases can be strict.

Example 1.3.1. Let k = 4 and consider the three-dimensional lattice
L = { (u1,ug, uz,ug) € Z* : 3uy + 3up + dug + Suy = O}.
The following three vectors form a lattice basis of L:
(1,-1,0,0), (0,1,-2,1), (0,3,—1,—1). (1.3.2)

The choice of a lattice basis is not unique, but its cardinality 3 is an invariant of
the lattice. Augmenting (1.3.2)) by the next vector gives a Markov basis of L:

(0,2,1,-2). (1.3.3)

The Markov basis of £ is not unique but it is “more unique” than a lattice basis.
The cardinality four of the minimal Markov basis is an invariant of the lattice.
Augmenting (1.3.2]) and (1.3.3) by the following two vectors leads to a Grdbner
basis of L:

(0,1,3,-3), (0,0,5,—4). (1.3.4)

This Groébner basis is reduced. The reduced Grobner basis of a lattice is not unique,
but there are only finitely many distinct reduced Grobner bases. They depend on
the choice of a cost vector. Here we took w = (100, 10, 1,0). This choice ensures
that the leftmost non-zero entry in each of our vectors is positive. We note that
the cardinality of a reduced Grobner basis is not an invariant of the lattice L.

The universal Gréobner basis of a lattice is unique (if we identify each vector
with its negative). The universal Grobner basis of £ consists of 14 vectors. In
addition to the six above, it comprises the eight vectors

(1>07 _2a1)7 (3703_1,_1)3 (270,]—7_2)’ (1>0737 _3)a
(0747_370)3 (4707 _3a0)7 (0757()’ _3)7 (57()’07_3)

Besides the 14 vectors in the universal Grobner basis, the Graver basis of L con-
tains the following additional ten vectors:

(17 1a 17 _2) ) (17 2a _17 _1) ) (25 17 _17 _1) )
(1a 3) _37 O) 9 (27 27 _37 O) 9 (3a 17 _3a O) )
(1,4,0,-3), (2,3,0,-3), (3,2,0,-3), (4,1,0,-3).
The Graver basis of a lattice is unique (up to negating vectors). O

We shall now define the five notions in our hierarchy of bases for an integer
lattice £ C Z*. A lattice basis is a subset B = {by,ba,...,b,} of L such that every
vector v in £ has a unique representation

v = Atby + Agby + -+ 4+ Apb., with \; € Z.
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All lattice bases of £ have the same cardinality r. Each of them specifies a partic-
ular isomorphism £ =~ Z". The number r is the rank of the lattice L.

Consider an arbitrary finite subset B of £. This subset specifies an undirected
graph F(u)p whose nodes are the elements in the fiber F(u). Two nodes v and v’
are connected by an undirected edge in F(u)g if either v — v’ or v/ — v is in B. We
say that B is a Markov basis for L if the graphs F(u)s are connected for all u € N¥.
(Note that this definition slightly differs from the one used in Sections and
where it was more convenient to include both a vector and its negative in the
Markov basis.) We will usually require Markov bases to be minimal with respect
to inclusion. With this minimality assumption, the Markov basis B is essentially
unique, in the sense made precise in Theorem below.

Every vector b € £ can be written uniquely as the difference b = b+ — b~
of two non-negative vectors with disjoint support. The fiber of b is the congruence
class of N¥ modulo £ which contains both b* and b~. In symbols,

fiber(h) = F(OF) = F(b).
Theorem 1.3.2. For a minimal Markov basis B of a lattice L, the multiset
{fiber(b) : be B} (1.3.5)

is an invariant of the lattice £L C ZF and hence so is the cardinality of B.

Proof. We shall give an invariant characterization of the multiset . For any
fiber f € N¥/L we define a graph G as follows. The nodes are the non-negative
vectors in N¥ which lie in the congruence class f, and two nodes u and v are
connected by an edge if there exists an index ¢ such that u; # 0 and v; # 0.
Equivalently, {u,v} is an edge of G if and only if fiber(u —v) # f.

We introduce the following multiset of fibers:

{feNF/L : the graph Gy is disconnected }. (1.3.6)

The multiset structure on the underlying set is as follows. The multiplicity of f in
(1.3.6]) is one less than the number of connected components of the graph Gy.

We claim that the multisets (1.3.5) and (1.3.6) are equal. In proving this
claim, we shall use induction on the partially ordered set (poset) N*/L. This set
inherits its poset structure from the partial order on N¥. Namely, two fibers f and
f! satisfy f' < f if and only if there exist u,u’ € N* such that

f=F(u) and f = F(u') and v <u (coordinatewise).

Consider any fiber f = F(u) and let C4, . .., Cs be the connected components
of Gy. Suppose that B is any minimal Markov basis and consider By = {be B :
fiber(b) = f}. We will reconstruct all possible choices for Bf. In order to prove
the theorem, we must show that each of them has cardinality s — 1.

By induction, we may assume that By has already been constructed for all
fibers f’ which are below f in the poset N*/L. Let B be the union of these
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sets By where f' < f. The connected components of the graph F(u)s_, are
precisely the components Ci,...,Cs. The reason is that any two points in the
same component C; can be connected by a sequence of moves from a smaller fiber
/', but no point in C; can be connected to a point in a different component C;
by such moves. Therefore, all the possible choices for By are obtained as follows.
First we fix a spanning tree on the components C1,...,Cs. Second, for any edge
{C;, C;} in that spanning tree, we pick a pair of points v € C; and v € Cj. Finally,
the desired set By consists of the resulting s—1 difference vectors u—v. This proves
#By = s—1, as desired. a

The previous proof gives a purely combinatorial algorithm which constructs
the minimal Markov basis of a lattice £. We fix a total order on the set of fibers
N¥ /£ which refines the natural partial order. Starting with the first fiber f =
F(0) = {0} and the empty partial Markov basis B<o = (), we consider an arbitrary
fiber f and the already computed partial Markov basis B.s. The steps of the
algorithm are now exactly as in the proof:

1. Identify the connected components Ci,...,C; of the graph Gy.
2. Pick a spanning tree on Cfq, ..., Cs.

3. For any edge {C;, C;} of the tree, pick points u € C; and v € C}.
4. Define By as the set of those s — 1 difference vectors u — v.

5. Move on to the next fiber (unless you are sure to be done).

Example 1.3.3. We demonstrate how this method works for the lattice in Example
Recall that £ is the kernel of the linear map

7 TP = 7, (uy,up,us, ug) — 3uy + 3ug + 4us + Suy.
The poset of fibers is a subposet of the poset of non-negative integers:
N*/£ = 7#(NY) = {0,3,4,5,6,...} C N.

The fiber 0 is trivial, so our algorithm starts with f = 3 and B.3 = (). The graph
(I3 has two connected components

1 = {(1,0,0,0)} and C = {(0,1,0,0)},

so we have no choice but to take By = {(1,—1,0,0) }. The next steps are:
e (G4 has only one node (0,0,1,0) hence By = 0.
e (5 has only one node (0,0,0,1) hence Bs = 0.
e G =1{(2,0,0,0),(1,1,0,0),(0,2,0,0)} is connected hence Bs = 0.
e G7=1{(1,0,1,0),(0,1,1,0)} is connected hence B; = 0.
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e (g has two connected components, C; = {(1,0,0,1),(0,1,0,1)} and Cy =
{(0,0,2,0)}, and we decide to take Bs = {(0,1,—2,1)}.

e (g has two connected components, namely C; = {(3,0,0,0), (2,1,0,0), (1,2,0,0),
(0,3,0,0)} and Cy = {(0,0,1,1)}. We take By = {(0,3,—1,—-1)}.

e (19 has two connected components, C; = {(2,0,1,0), (1,1,1,0), (0,2,1,0)} and
Co = {(0,0,0,2)}, and we take Bio = {(0,2,1,-2)}.

At this stage, divine inspiration tells us that the Markov basis for £ is already
complete. So, we decide to stop and we output B = B<jo. The multiset of Markov
fibers (|1.3.5)) is the set {3,8,9,10}, where each element has multiplicity one. O

There are two obvious problems with this algorithm. The first is that we
need a termination criterion, and the second concerns the combinatorial explosion
(which becomes serious for n —rank(L) > 3) of having to look at many fibers until
a termination criterion kicks in. The first problem can be addressed by deriving a
general bound on the sizes of the coordinates of any element in the Graver basis of
L. Such a bound is given in [87, Theorem 4.7, p. 33]. However, a more conceptual
solution for both problems can be given by recasting the Markov basis property in
terms of commutative algebra [25] [87]. This will be done in Theorem below.

First, however, we shall define the other three bases of L. Fix a generic cost
vector w € R¥. Here generic means that each integer program has only
one optimal solution. Suppose that b-w < 0 for all b € B. We regard F(u)g as
a directed graph by introducing a directed edge v — v’ whenever v’ — v is in B.
In this manner, F(u)p becomes an acyclic directed graph. We say that B is a
Grébner basis of L if the directed graph F(u)s has a unique sink, for all u € N*.

Remark 1.3.4. If B is a Grébner basis then the sink of the directed graph F(u)g is
the optimal solution of the integer programming problem . For more back-
ground on the use of Grébner bases in integer programming we refer to [87, §5].

Among all Grébner bases for £ there is a distinguished reduced Grébner basis
which is unique when w is fixed. It consists of all vectors b € £ such that b~ is a
sink (in its own fiber), b is not a sink, but b* — e; is a sink for all 4 with b; > 0.

It is known that there are only finitely many distinct reduced Groébner bases,
as w ranges over generic vectors in R*. The union of all reduced Grébner bases is
the universal Grobner basis of L.

All of the bases of £ discussed so far are contained in the Graver basis. The
Graver basis G of our lattice £ is defined as follows. Fix a sign vector o € {—1, +1}*
and consider the semigroup

L, = {UGE : vi~ai20}.

This semigroup has a unique minimal finite generating set G, called the Hilbert
basis of L,. The Graver basis G of L is the union of these Hilbert bases:

g = U g07

oce{—1,+1}F
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and thus is finite as well.

Proposition 1.3.5. The Graver basis G is the unique minimal subset of the lattice
L such that every vector v € L has a sign-consistent representation in terms of G:

v = Z/\g~g with \g e N and |v;| = Z)\g~|gi| for all i € [k].
geg 9€g

Markov bases, Grobner bases, Hilbert bases, and Graver bases of integer lat-
tices can be computed using the software 4ti2, which was developed by Raymond
Hemmecke and his collaborators [57]. Further computations with 4ti2 will be
shown in the exercises in Chapter 6.

We now come to the interpretation of our bases in terms of algebraic geom-
etry. The given lattice £ C Z* is represented by the corresponding lattice ideal

I; = (p“—p”:u,vENkandufv€£> C  Rpi,p2;-. -0kl

Here p1,...,py are indeterminates, and p* = pi'py?---p.* denotes monomials
in these indeterminates. In our applications, p; will represent the probability of
observing the ith state of a random variable with k states. Hilbert’s Basis Theorem
states that every ideal in the polynomial ring R[p1, po, . . ., px] is finitely generated.
The finiteness of Markov bases is thus implied by the following result of Diaconis
and Sturmfels [33], which was one of the starting points for algebraic statistics.

Theorem 1.3.6 (Fundamental theorem of Markov bases). A subset B of the lattice

L is a Markov basis if and only if the corresponding set of binomials {pb+ —pb
be B} generates the lattice ideal 1.

The notions of Grobner bases and Graver bases are also derived from their
algebraic analogues. For a detailed account see [87]. In that book, as well as in
most statistical applications, the lattice £ arises as the kernel of an integer matrix
A. The algebraic theory for arbitrary lattices £ is found in Chapter 7 of [70].
The multiset in Theorem corresponds to the multidegrees of the minimal
generators of the lattice ideal ..

Let A = (a;;) € N¥* be a non-negative integer matrix. We assume that
all the column sums of A are equal. The columns a; = (a1j,a2;,...,aq4)" of
A represent monomials 0% = 605> ---05Y in auxiliary unknowns 6; that
correspond to model parameters. The monomials % all have the same degree.

The matrix A determines a monomial map

a2 CL— CF, O — (071,0%2,...,07).

The closure of the image of this map is the affine toric variety V4 associated to the
matrix A. The connection to tori arises from the fact that Vy is the closure of the
image of the algebraic torus ¢4 ((C*)?). If we restrict the map ¢4 to the positive
reals R‘io, and consider the image in the probability simplex Aj_; = RY /scaling,
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we get the log-linear model M 4. For this reason, log-linear models are sometimes
known as toric models. See Section 1.2 in [73] for more on toric models.

More generally, a wvariety is the solution set to a simultaneous system of
polynomial equations. If I is an ideal, then V' (I) is the variety defined by the
vanishing of all polynomials in I. Often, we might need to be more explicit about
where the solutions to this system of equations lie, in which case we use the
notation V. (I) to denote the solutions constrained by condition x. The different
types of solution spaces will be illustrated in Example [1.3.8

Proposition 1.3.7. The lattice ideal Iz for L = kery(A) is a prime ideal. It consists
of all homogeneous polynomials in Rlp,...,px] that vanish on probability distri-
butions in the log-linear model specified by the matrix A. In other words, the toric
variety Va = V(I¢) is the Zariski closure of the log-linear model M 4.

The binomials corresponding to the Markov basis generate the ideal I and
hence they cut out the toric variety Va4 = V(Iz). However, often one does not
need the full Markov basis to define the toric variety set-theoretically. Finding
good choices of such partial bases is a delicate matter, as the following example
demonstrates.

Example 1.3.8. Let d = 3, kK = 9 and consider the matrix
Pr P2 P3 P4 Ps Pe Pr P8 P9
o 0 2 1 2 1 0 0

3
A = 0 3 0 1 2 0 0 2 1 (1.3.7)
00 3 0 0 1 2 1 2

and the associated monomial parametrization
ba: (01,02,05) — (03,05,03,020,,0,02,0303,0,02,0503,0,602). (1.3.8)

The minimal Markov basis of the lattice £ = kerz(A) consists of 17 vectors. These
vectors correspond to the set of all 17 quadratic binomials listed in ([1.3.9)), (1.3.10)),
(1.3.11)) and (1.3.12) below. We start out with the following six binomials:

{ p1ps — P3, P2p4 — P, P17 — g, P3Pe — D3, P2D9 — P3, P3ps — Dy - (1.3.9)

The vectors corresponding to form a basis for the kernel of A as a vector
space over the rational numbers Q but they do not span £ as a lattice over Z.
Nevertheless, a positive vector p = (p1,...,pg) is a common zero of these six
binomials if and only if p lies the image of a positive vector (61,602, 63) under
the map ¢ 4. The same statement fails badly for non-negative vectors. Namely, in
addition to V> (Iz), which is the closure of the log-linear model, the non-negative
variety of has seven extraneous components, which are not in the closure of
the log-linear model M 4. One such component is the three-dimensional orthant

{(p17p27p370a070707070) P DP1,P2,P3 € RZO} C VZO()
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We invite the reader to find the six others. These seven extraneous components
disappear again if we augment (1.3.9) by the following three binomials:

{ p1p2 — Pap5, P1P3 — P6P7, P2D3 — PsPo }- (1.3.10)

Hence the non-negative variety defined by the nine binomials in (1.3.9) and (1.3.10)
is the closure of the log-linear model. The same holds over the reals:

Veolle) = Voo (EED). ([3T0) and Va(le) = Va({ED). (C310).

On the other hand, the varieties over the complex numbers are still different:

Ve(lz) # Ve((L39), (L3.10)).

The complex variety of the binomials in (1.3.9) and (1.3.10) breaks into three
irreducible components, each of which is a multiplicative translate of the toric

variety Ve (Iz). Namely, if we start with any point p in Vi(I2) and we replace py

by nps and ps by n?ps, where n = f% + éz is a primitive cube root of unity,

then the new vector is no longer in Vi (Iz) but still satisfies the nine binomials in
(1.3.9) and (1.3.10]). This is detected algebraically as follows. The binomial

pips —pips = (pips — pspe)(P1ps — MPsPe) (P1Ps — N7 P5Ds)

lies in the ideal of (1.3.9) and (1.3.10) but none of its factors does. To remove the
two extraneous complex components, we add six more binomials:

{plpg — DsPe, P1P9 — PaP7, P2P6 — PaPs, P2P7 — P5P9,
P3Pa — PeP9; Paps — prps - (1.3.11)

Let J denote the ideal generated by the 15 binomials in , and
(1.3.11)). The radical of the ideal J equals I-. This means that the complex variety
of J coincides with V¢(Iz). However, the ideal J is still strictly contained in I..
To get the Markov basis, we still need to add the following two binomials:

{ peps — papo , PsPT — Papo }- (1.3.12)

The lattice £ in this example has the following special property. Its Markov basis
consists of quadratic binomials, but no Grobner basis of I, has only quadratic
elements. Using the software Gfan [63], one can easily check that £ has precisely
54,828 distinct reduced Grobner bases. Each of them contains at least one bi-
nomial of degree three. For instance, the reduced Grébner basis with respect to
the reverse lexicographic order consists of our 17 quadrics and the two cubics
P1p7Ps — papepo and pZps — pep3. O

We remark that we will see quadratic binomials of the form p;p; — prpi
again in Chapter [3] where they naturally correspond to conditional independence
relations. The ideal of such relations will make its first appearance in Definition
We close the current chapter by describing a simple log-linear model in which
the algebraic structure from Example arises.
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Example 1.3.9. Bobby and Sally play Rock-Paper-Scissors according to the fol-
lowing rules. One round consists of three games, and it is not permissible to make
three different choices in one round. Should this happen then the round of three
games is repeated until a valid outcome occurs. After n = 1000 rounds of playing,
Sally decides to analyze Bobby’s choices that can be summarized in the vector

u = (urrra Uppps Usssy Urrps Urpp, Urrs, Urss, Upps, upss) )

where ., is the number of rounds in which Bobby picks rock three times, U,y
is the number of rounds in which he picks rock twice and paper once, and so
on. Sally suspects that Bobby makes independent random choices picking rock
with probability 61, paper with probability #-, and scissors with probability 03 =
1—61 —02. Let prrr, Pppp, €tc. be the probabilities of Bobby’s choices. Under the
hypothesis of random choices, the vector of rescaled probabilities

(3prr7’7 3pppp» 3psss s Prrps Prpps Prrs, Prsss Ppps ppss)

is a point in the toric variety discussed in Example [[:3.8] Sally can thus use the
Markov basis given there to test her hypothesis that Bobby makes random choices.
All she needs to do is to run the Metropolis-Hastings Algorithm and then
apply the hypothesis testing framework that was outlined in Section 1.1. Note,
however, that the rescaling of the probabilities leads to an adjustment of the hy-
pergeometric distribution in . In this adjustment we divide the numerator
of by 3urrrttpppttsss (or multiply by 3Urrpture Turrsttirssttppstupss) and
apply the corresponding division (or multiplication) to each term in the sum in
the denominator. ]



Chapter 2

Likelihood Inference

This chapter is devoted to algebraic aspects of maximum likelihood estimation and
likelihood ratio tests. Both of these statistical techniques rely on maximization
of the likelihood function, which maps the parameters indexing the probability
distributions in a statistical model to the likelihood of observing the data at hand.
Algebra enters the playing field in two ways. First, computing maximum likelihood
(ML) estimates often requires solving algebraic critical equations. Second, many
models can be described as semi-algebraic subsets of the parameter space of a nice
ambient model. In that setting algebraic techniques are helpful for determining
the behavior of statistical procedures such as the likelihood ratio test.

Section begins with a discussion of the computation of maximum likeli-
hood estimates in discrete models, including the log-linear models encountered in
Chapter [T} The second half of Section [2.1] introduces Gaussian models. Section [2.2]
presents algebraic techniques for the computation of maximum likelihood esti-
mates for discrete models that are defined implicitly, by polynomial equations in
the probabilities. In Section[2.3] we turn to likelihood ratio tests, which constitute
a general approach to solving hypothesis testing problems. A crucial ingredient to
this methodology is asymptotic distribution theory for large sample size, and we
discuss how the geometry of the parameter space affects the asymptotics.

2.1 Discrete and Gaussian Models

Let Po = {Py : 0 € O} be a statistical model with finite dimensional open pa-
rameter space © C R% We assume throughout that each distribution Py has
a density function pg(z) with respect to some fixed measure v. In other words,
Py(A) = [, po(x)dv(x) for all measurable sets A.

Let X, X® . X™ ~ Py be independent random vectors that are iden-
tically distributed according to some unknown probability distribution Py € Pg.
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The likelihood function is the function
La(0) = [[re(x),
i=1

and the log-likelihood function is £,,(0) = log L,,(6). Often, we will write L(0) and
£(0) when the dependence on the sample size n is not important.

Definition 2.1.1. The mazimum likelihood estimator (ML estimator) of the un-
known parameter 6 is the random variable

0 = argmaxgycgln(6).

The mazimum likelihood estimate of 6 for the data =M, 2™ is the realization
of 0 obtained by the substitution X =z . X0 = z(n)

The ML estimator 6 is the parameter value such that under the corre-
sponding distribution the likelihood of observing X ..., X(") is maximal. When
XM X are discrete random vectors, the density po(x) determines proba-
bilities, and 0 simply maximizes the probability of observing the data.

Classical results of probability theory guarantee that if the statistical model
Po satisfies suitable regularity conditions, then 6 is an asymptotically unbiased
estimator of the true parameter # and has an asymptotic normal distribution as
n — oo; compare [95]. This asymptotic distribution theory of maximum likelihood
estimators parallels the theory of likelihood ratio tests that we will discuss in
Section In that section, we will see how the asymptotics are related to the
geometry of parameter spaces.

The first place where algebra enters into likelihood theory is that in many
circumstances, the computation of maximum likelihood estimates is an algebraic
optimization problem. Indeed, if it happens that

logpe(z) = logqi(0) + q2(0) (2.1.1)

where ¢; € Q(0) are rational functions of 6, then the maximum likelihood estimate

0, if it exists, is the solution to a simultaneous system of algebraic equations in 6
called the likelihood equations or score equations.

Discrete Models. One ubiquitous situation where the condition of is satis-
fied is for parametric discrete statistical models. In this setting, © is an open subset
of R? (usually the interior of a polyhedron) and we have a rational parametriza-
tion map g : © — Ag_1, the probability simplex. That is, each coordinate g; is
a rational function in 6, with rational coefficients. Thus, in the discrete case, the
maximum likelihood estimation problem amounts to maximizing the function

k
06) = Z u;ilog gi(6),
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where u; = # { g X0 = z} are the coordinates in a vector or table of counts.
The likelihood equations in this discrete setting are the following d equations

k

Uq 892‘ .
. =0 for 1 = 17,,,7(1, 2.1.2
; o 20, j (2.1.2)

Note that the left hand side of each equation is a rational function in d unknowns.

Example 2.1.2 (Independence model). The parametrization of the independence
model M x ;v is the map

g: Ar—l X Ac—l - Arc—l
9ij(a, B) = aif3;,
r—1 c—1 .y
where o, =1—3, "1 a; and B = 13,3 ;. (Recall Definition ) The data

is summarized in a table of counts u € N"*¢. The log-likelihood function is

U, B) = wijlog(aifl) = > wiylogas +»  uyjlogf;,
1,5 i J

where w;q = 375 wi; and uy; = Y7, wi;. The likelihood equations are

Ui+ _ Up4 -0
— - b

o 1 — Z:i oy

Utj U4c 0

B 15200 B N

Clearing denominators and solving the resulting linear systems for « and 3 yields

R U A Ui
Q; = s and ﬂj = =5 .
Ut U+

These then determine the table of expected counts with entries 4;; = nézi@j that
appeared in the chi-square statistic discussed in Section [I.1 ]

The process of “clearing denominators”, which we cavalierly used in the pre-
vious example, can lead to serious difficulties when dealing with models more
complicated than the independence model. For a general parametric statistical
model for discrete random variables, the likelihood equations have the form of
(2.1.2)). Here, clearing denominators gives the system of equations

k
X 9gi .
Zuz.gl..gl.gka% :O7 ]:17_._’d’ (213)
i=1 7

where ¢; denotes that the i-th element of the product is omitted. Suppose that 6
is a parameter vector such that g;(¢) = g;(¢) = 0. Then 0 is a solution to (2.1.3)
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that is not a solution to the original likelihood equations. In particular, if the g;
are generic polynomials; then the solutions to the system contain a variety
of codimension two which consists of extraneous solutions to the likelihood equa-
tions. While the rational functions that arise in statistics are rarely generic, the
introduction of extraneous solutions remains a considerable problem. To illustrate
this point, consider the following family of censored exponential distributions.

Example 2.1.3 (Random censoring). We consider families of discrete random vari-
ables that arise from randomly censoring exponential random variables. This ex-
ample describes a special case of a censored continuous time conjunctive Bayesian
network; see [I5] for more details and derivations.

A random variable T is exponentially distributed with rate parameter \ > 0
if it has the (Lebesgue) density function

f(t) = Xexp(=Xt)-1y>0y, tER.

Let Ty, T3, Ts be independent exponentially distributed random variables with rate
parameters A1, Ag, Ag, respectively. Suppose that instead of observing the times
Ty, T, Ts directly, we can only observe for ¢ € {1,2}, whether T; occurs before or
after T. In other words, we observe a discrete random variable with the four states
0, {1}, {2} and {1,2}, which are the elements i € {1,2} such that T; < T. This
induces a rational map g from the parameter space (0,00)? into the probability
simplex Ag. The coordinates of g are the functions

As
A A2, ) = ———
90(A1, A2, As) VY
A1 As
A A2, Ns) = -
A i P W P
A2 As
A1, A2, As = .
R P TS
A1 A2 A1+ A2+ 2,

9{1,2}(/\1,)\2,)\5) =

MAAs Aa+As A +As+A

where gg()) is the probability that Ty > T and Tz > T, and so on. Given counts
ug, U1, Uz, and uiz, the log-likelihood function is

((A) = (u1 +uiz)log A\ + (ug + u12) log A2 + (ug + u1 + uz) log Ag
+ urzlog(A1 + Ao + 2X4)
— (ug + u12) log(A1 + As) — (w1 + ui2) log(Aa + As)
— (ug + uy + us + ug2) log(A + Ao + Ag).

Since the parametrization involves rational functions of degree zero, we can set
As = 1, and then solve the likelihood equations in Ay and As. These likelihood
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equations are

U1 + u12 u12 _Uatwy Uptuitustuiz
A A+ A +2 A +1 M+ +1

Uz + U2 U12 _urtuip Ut Ul + Uz Ul —
Ao A1+ Ao+ 2 Ao+ 1 A1+ A +1

In this case, clearing denominators always introduces three extraneous solutions
(A1, A2) = (—1,-1),(0,—1),(—1,0). The following code for the software Singular
exemplifies how to compute all solutions to the equations with the denominators
cleared, and how to remove the extraneous solutions via the command sat. The
particular counts used for illustration are specified in the third line.

LIB "solve.lib";

ring R = 0,(11,12),dp;

int u0 = 3; int ul = 5; int u2 = 7; int ul2 = 11;

ideal I (u1+ul12) * (11+12+2) * (11+1) * (11+12+1) +
(u12)*11x (11+1) *(11+12+1) -
(u2+u12) *11x (11+12+2) * (11+12+1) -
(u0+ul+u2+ul2) *11* (11+12+2) *(11+1),

(u2+u12) * (11+12+2) * (12+1) * (11+12+1) +

(u12)*12* (12+1) *(11+12+1) -
(ul+ul12) *12% (11+12+2) * (11+12+1) -
(u0+ul+u2+ul2) *12x (11+12+2) *(12+1) ;

ideal K = 11#12%(11+1)*(12+1)*(11+12+1)*(11+12+2);

ideal J = sat(I,K)[1];

solve(J);

In particular, there are three solutions to the likelihood equations, and the max-
imum likelihood estimate is a degree 3 algebraic function of the data. In general,
the maximum likelihood estimate of A\ is a root of the cubic polynomial

FO) = (o + 2ur)(ur — u2)A3
+ (uou1 + ut — Bugug — buiug + Ui — 2uguis — SusUls + Ustin) N5
+ (2ug + 3ug — 3ug — 3U12)(U2 + ulg))\g
+ 2(u2 + u12)2.

This polynomial was computed using a variation of the above code, working over
the field Q(ug, u1, ug, u12) that can be defined in Singular by

ring R = (0,u0,ul,u2,ul2),(11,12),dp;

The leading coeflicient reveals that the degree of f(A2) is three for all non-zero
vectors of counts u away from the hyperplane defined by u; = us. O

An important step in the above calculation in Singular is the removal of ex-
traneous solutions via the command sat, which computes a saturation ideal. Sup-
pose that I is the ideal generated by the d likelihood equations, with denominators
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cleared. Let h be the product of all polynomials appearing in the denominators in
the rational equations (2.1.2). The solution set of the saturation

(I:h>®) = {f€R[0] : fh' €I for some i € N}

is precisely the closure of those points that are actual complex critical points of the
likelihood equations. In the typical situation that the number of complex critical
points is finite, saturation eliminates all extraneous solutions. Naive clearing of
denominators almost never works in algebraic statistics. The correct way to clear
denominators is to pass from I to (I : h™).

A basic principle of algebraic geometry is that the number of solutions of a
system of polynomial or rational equations that depends rationally on parameters
is constant except on an algebraic subset of parameter space. In our case, the ra-
tional equations under investigation are the likelihood equations and the “varying
parameters” are the data. This leads to the following definition.

Definition 2.1.4. The maximum likelihood degree (ML degree) of a statistical model
satisfying condition is the number of complex solutions to the likelihood
equations for generic data. For discrete random variables, this is the number of
complex solutions to the likelihood equations for generic data wu.

The notion of generic data means that the number of complex solutions to
the equations is a constant for all data, except possibly for a subset that
lies on a lower-dimensional algebraic subset of the data space. We encountered
this in Example where the ML degree is three but examining the final cubic
equation revealed that the number of critical points will drop to two in the event
that w1 = ug. Such symmetric data is not generic for that problem. As another
example, the ML degree of the model of independence is one.

Having maximum likelihood degree one can be expressed equivalently by
saying that the ML estimate is a rational function of the data. As we saw in Sec-
tion[I-2] the independence model is a special case of a more general family of mod-
els with especially nice properties, namely, the decomposable hierarchical models.
As explained next, the property of having ML degree one also holds for decom-
posable models. Results on maximum likelihood estimates for log-linear models
are usually simplest to state in terms of the ML probabilities p; or corresponding
frequencies (or expected counts) @; = np; rather than log-linear parameters.

Proposition 2.1.5. Let A € N®** gnd u € N* be a vector of positive counts. The
mazximum likelihood estimate of the frequencies 4 in the log-linear model M 4 is
the unique non-negative solution to the simultaneous system of equations

At = Au and G €V (1a).

This result was referred to as Birch’s Theorem in [73], §1.2]. The toric ideal
1,4 is the lattice ideal Iz in Theorem and V(I,4) is its affine variety in R¥.
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Proof. Let by,...,b; be a basis for ker A. The optimization problem we wish to
solve is the constrained optimization problem:

Maximize u” logv

k
subject to bjT logv=0forall j=1,...,l, and Zvi =n.
i=1

Introducing [ 4+ 1 Lagrange multipliers Aq1,...,A;, 7, the critical points are the
solutions to the k + [ + 1 equations

!
7'+§1/\jvij+7:0’ bf~logv:(), E v =n.
J:

v
7 =1

The last two sets of conditions say that v belongs to the toric variety V(I4), and
that v is a vector of frequencies with sum n. In other words, v belongs to the
(rescaled) log-linear model M 4. Upon clearing denominators, the first conditions
say that u + A\B = —~v. Applying A to both sides of this equation implies that
Au = Ad. The fact that there is a unique positive solution is a consequence of
the strict convexity of the likelihood function for positive u, which is a general

property of the class of exponential families that encompasses the discrete case
discussed here. See Definition [2.3.11| and [13] [19]. O

In order to describe the maximum likelihood estimate for a decomposable
model, we need the notion of a junction tree.

Definition 2.1.6. Let I be a decomposable simplicial complex. A junction tree is
a tree whose vertices are the facets of I', whose edges are labeled by separators in
I', and such that each edge splits the set of facets of I' into the two subcomplexes
I'1, Ty in the decomposition (T'1, S, T'3).

A junction tree can be obtained by successively using reducible decomposi-
tions to break a decomposable complex down to its constituent simplices. However,
the junction tree of a decomposable complex is not uniquely determined. For in-
stance, if I = [14][24][34], two junction trees are [14]—[24]—[34] and [14]—[34]—[24].
In both cases all edges correspond to the separator {4}.

Proposition 2.1.7. Let I' be a decomposable simplicial complex. Let u be data such
that all marginals along cliques are positive. Let J(T') be a junction tree for T'. Then

the mazimum likelihood estimates of the i-th component of the table of frequencies
1s given by the formula

N HFeV(J(F))(ulF)iF
U; = .
HseE(J(r))(U|S)is

In particular, decomposable models have ML degree one.
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Proof. By Proposition [2.1.5] it suffices to show that the indicated formula for
@ satisfies that constraints Art = Aru, and that (the normalized version of) @
belongs to the model Mr. Showing that Artd = Aru is equivalent to showing that
4 and v have the same I'-marginals. Each marginal can be checked by summing
up along the junction tree. The normalized version of @ belongs to the model
because, by grouping each separator with a ['-marginal that contains it, we deduce
the parametrized form for a distribution in Mr. O

As an example in which Proposition [2.1.7] applies, consider the 4-chain I' =
[12][23][34], which has a unique junction tree. The formula for the maximum like-
lihood estimates states that
Wij++ * Utjk+ * Utk

Upjt - Utk

gt =

For the complex I' = [14][24][34] mentioned above, we get

Wit 41 - U4j41 U+l
2
(Utt41)

Uijrr =

regardless of which junction tree is used.
In non-decomposable hierarchical log-linear models, however, the ML degree
is no longer equal to one.

Example 2.1.8 (No 3-way interaction). Let I' = [12][13][23] be the simplicial com-
plex for the model of no 3-way interaction, and let r; = ro = r3 = 2. Using
Proposition and the fact that this model is the degree four hypersurface

P111P122P212P221 — Pr12P121P211P222 = 0,

we see that the maximum likelihood estimate of the frequencies @ can be obtained
by solving the following equation in one unknown ¢:

(w111 +90) (w1224 96) (U212 +6) (U221 +6) — (112 — 6) (U121 — 0) (U211 —0) (U202 — ) = 0,

in which case, t =u+4d-(1,—1,-1,1,—-1,1,1,—1). In particular, this shows that
the model of no 3-way interaction has ML degree 3 for binary random variables. [J

For more general hierarchical log-linear models there are no closed form ex-
pressions in terms of radicals for the maximum likelihood estimates. Equivalently,
the maximum likelihood degree is usually more than five, and the Galois group is
usually the full symmetric group (see e.g. [51l Proposition 3]).

Although there is no closed-form formula for maximum likelihood estimates
for non-decomposable log-linear models, the log-likelihood function is convex for
these models, and any hill-climbing algorithm can be used to compute the ML
estimates. One widely-used method is the iterative proportional scaling algorithm.
We now describe this algorithm for a general log-linear model with matrix A that
has all column sums equal to a. Recall that ¢4 : R* — R* is the monomial
parametrization whose image is the log-linear model M 4.
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Algorithm 2.1.9 (Tterative proportional scaling).

Input: A € N¥¥F_ g table of counts u € N¥, tolerance € > 0.
Output: Expected counts .

Step 1: Initialize v; = ||lul|y - + fori=1,... k.

Step 2: While ||Av — Aully > € do:

1/a
For all i € [k], set v; :=w; - (Z);Lgfng) :

Step 3: Output 4 = v.

The proof of convergence of iterative proportional scaling is due to Darroch
and Ratcliff [27]. For specialized log-linear models, like hierarchical models, it is
easy to derive, and show convergence of, variants of the algorithm. These variants
depend on rescaling the joint distribution “one marginal at a time.”

Gaussian models. Aside from statistical models for discrete random variables,
another situation where the algebraic structure of the log-likelihood function arises
is in the case of a multivariate normal random vector. An m-dimensional random
vector X € R™ is distributed according to the multivariate normal distribution
N(u,X) if it has the (Lebesgue) density function

1 1 S
= _ _ 3 _ R™
Pu.s() (2m)m/2(det £)1/72 eXp{ p@—m = ”)}’ zERT

where the parameters are a real vector ;4 € R™ and a symmetric and positive
definite matrix ¥. The multivariate normal distribution is sometimes also called
the Gaussian distribution. The parameter space for the model of all m-dimensional
multivariate normal distributions is the set R™ x PD,,, where PD,, is the cone
of m x m real symmetric positive definite matrices.

The one-dimensional normal distribution is the familiar “bell curve” from
Definition [1.1.5] and the m-dimensional normal random vectors are higher dimen-
sional generalizations of this familiar example. The mean vector p determines the
center of the distribution and the covariance matriz 3, which defines the elliptical
contours of the density function, gives information about the distribution’s spread.

A Gaussian model is a statistical model comprising multivariate normal dis-
tributions. We will typically consider models in the form

?GZ{N(/L7E) : 0:(:“72) 66}7

where © C R™Xx PD,,. The saturated Gaussian model has © = R™x PD,,. Ignor-
ing the normalizing constant, the log-likelihood function for a Gaussian model is

ln (1, %) = fg log det 3 — %tr (21 D XD = (X — u)T). (2.1.4)

=1
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The maximum likelihood estimators in the saturated Gaussian model are

_ 1 & ) . 1 <& . _ . _
i=X==-) x¥ d 2=85==-Y(XO - X)(x® - x)T.
p=X=02 XY XD X)X - X)

=1

Here X and S are the sample mean and sample covariance matriz, respectively.
The ML estimators can be derived by rewriting the log-likelihood function in
(12.1.4)) as

(1, %) = fg log det ¥ — gtr (21 — g(X — TS YK —p),  (2.15)

which can be achieved by writing X — y = (X — X) — (X — p), multiplying
out the products and observing that the n differences X* — X sum to zero.

We are interested in the algebraic solution of the maximum likelihood estima-
tion problem for submodels ©® C R™ x PD,,. For general subsets of this type, the
optimization problem is complicated. However, in the following special situation,
the problem reduces to a familiar one. Let Id,,, denote the m x m identity matriz.

Proposition 2.1.10. Suppose that © = O x {Id,,} is the parameter space of a
Gaussian model. Then the mazimum likelihood estimate of the mean parameter fu
is the point in ©1 that is closest to the sample mean X in the L?-norm.

Proof. When ¥ is the identity matrix Id,,, the log-likelihood function reduces to

s Mix _ 0T(xX —
S = S (X —p) (X —p)

o (1)

n n =
—§trS - 5”# - X3

Hence, maximizing /,,(u) over © is equivalent to minimizing ||—X ||z over ©;. O

Example 2.1.11. Consider the setup of Proposition and suppose that ©; is
a parametric rational curve given by a polynomial parameterization g : R — R™,
where the maximal degree of any of the polynomial coordinate functions g; is d.
Then the likelihood equation obtained from the partial derivatives of ¢, (u) is a
polynomial equation of degree 2d — 1:

%6()3(7) = ; (X — 91’(’7))%(”).

In particular, for a generic such map, the model will have ML degree equal to
2d — 1, and thus is always guaranteed to have a real critical point. O

A situation that occurs frequently is that the Gaussian parameter space has
the form R x ©. In this case, the optimization problem also simplifies:
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Proposition 2.1.12. Suppose that © = R™ x Oy. Then i = X and S is the magi-
mizer of

0,(2) = —g log det S — gtr(sz*)
in the set ©,.

Proof. The inverse Zil of the positive definite matrix 3 is also positive definite.
Hence (X — p)TS71(X — p) > 0 and equality holds if and only if u = X. O

The inverse K = X! of the covariance matrix ¥ is known as the concentra-
tion matriz or precision matriz. Often it is more convenient to use K instead of
3 when parametrizing a Gaussian model. Observing that logdet ¥ = —logdet K
we see that the likelihood function £, (X) becomes the strictly convex function

PD,, »R, K v glogdetK - gtr (SK). (2.1.6)

It is thus easier to formulate the algebraic solution to the likelihood equations
in K = ¥, We illustrate this in a simple example from the class of undirected
Gaussian graphical models, which will be introduced in Chapter

Example 2.1.13. Let Oy = {E €EPDy: (X7 )3=(E"Ny = 0}. Then the set
O = R™ X O3 defines an undirected Gaussian graphical model, namely, the model
associated to the cyclic graph with vertex set V = [4] and edges 12,23, 34, 14.
When parametrizing the model in terms of the concentration matrix K = %71,
the likelihood equations obtained from the partial derivatives of the function in

([2.1.6) have the form

1 0
det K 51%

det K — (2 — 5ij)sij = 0,

where d;; is the Kronecker delta. The following code in Singular computes all the
complex critical solutions to these likelihood equations for some randomly chosen
sample covariance matrix.

LIB "solve.lib";
ring R = 0,(k11,k12,k14,k22,k23,k33,k34,k44), dp;
matrix K[4][4] = k11,k12,0,k14,
k12,k22,k23,0,
0,k23,k33,k34,
k14,0,k34,k44;
intmat X = random(31,4,4);
intmat S = X*transpose(X);
ideal I = jacob(det(K))-det(K)*jacob(trace(K*S));
ideal J = sat(I,det(K))[1];
solve(J);
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In particular, there are five solutions to the likelihood equations, exactly one of
which lies in the positive definite cone. This Singular calculation shows that the
Gaussian 4-cycle has maximum likelihood degree five. A conjectured formula for
the maximum likelihood degree of the Gaussian m-cycle appears in Problem 7.4.

Note that when defining the ideal I, we cleared the denominator det K from
the likelihood equations. Running the command dim(std(I)) shows that the space
of extraneous solutions introduced is a five-dimensional variety in this case. [

The Gaussian model associated with a more general undirected graph pre-
scribes zero entries in the concentration matrix at the non-edges of the graph, and
the likelihood equations are of the following form.

Theorem 2.1.14. Let G = (V, E) be an undirected graph with edge set E. Let
Oy ={X€PD,, : (X71),;=0 ifij ¢ E}.

The mazimum likelihood estimate of ¥ given a positive definite sample covariance
matriz S, is the unique positive definite matriz 3 such that

ﬁ]ij =8 forallije E and (f]*l)ij =0 forallij ¢ E.

Proof. In terms of the concentration matrix K, the critical equations are

1 0 . .
e ks det K = (2—0;5)845 for ij € E or i=j.
The left hand side is the cofactor expansion for (K—1);; = %;;. O

The above theorem clarifies that maximum likelihood estimation in Gaussian
undirected graphical models corresponds to a positive definite matrix completion
problem, and the ML degree of the model is the algebraic complexity of this
completion problem. Problem 7.4 states a concrete question about this degree.

2.2 Likelihood Equations for Implicit Models

In this section we consider the problem of computing maximum likelihood esti-
mates in an algebraic statistical model for discrete data that is given implicitly by
a system of homogeneous polynomial equations. Our exposition assumes some fa-
miliarity with projective varieties and their singularities. Some of the background
material for this section can be found in the undergraduate textbook by Cox,
Little and O’Shea [25].

Let P be a homogeneous prime ideal in the polynomial ring R[p, . .., px] and
V (P) its variety in the complex projective space P*~!. The set of points in PF~1
that have positive real coordinates is identified with the open probability simplex

int(Ap—1) = {(p1,---.px) €R® : pr,..pp >0 and py+ -+ pp =1}
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Our statistical model is the intersection Vip(a)(P) of the projective variety V(P)
with the simplex int(Ag_1). To avoid degenerate situations, we shall further as-
sume that V(P) is the Zariski closure of Vipga)(P). This hypothesis is easy to
satisfy; for instance, it holds when Vi,¢a)(P) contains a regular point of V(P).

The data are given by a non-negative integer vector u = (ug,...,uz) € N¥,
and we seek to find a model point p € Viya)(P) that maximizes the likelihood
of observing these data. Ignoring the multinomial coefficient, this amounts to
maximizing the likelihood function

p’lll‘l .. .pzk
L = =t Tk 2.2.1
) (P14 +pi)" 221

where n = |luljy = w1 + -+ + u is the sample size. The denominator in
equals one on the simplex Ay_1, so it appears to be redundant. However, we prefer
to write L(p) as a ratio of two homogeneous polynomials of the same degree as in
([2-23). In this form, the likelihood function L(p) becomes a rational function of
degree zero, and so is a function on projective space P*~1. This allows us to use
projective algebraic geometry [25] §8] to study its restriction to the variety V(P).

Let Vieg(P) denote the set of regular points on the projective variety V(P).
This is the complement of the singular locus of V(P). Recall that the singular
locus is the set of points such that the Jacobian matrix of a minimal generating
set of P fails to have the maximal rank. For a discussion of singularities, with
emphasis on the statistical relevance of their tangent cones and their resolutions,
we refer the reader to Sections 2.3 and Bl

We consider the following open subset of our projective variety V(P) C P*~1:
U = Vieg(P)\V(p1-prlpr+ -+ 1)),

Definition 2.2.1. The likelihood locus Z, is the set of all points p € U such that
the gradient dL(p) lies in the tangent space of V(P) at p.

Note that the tangent space is the row space of the Jacobian matrix modulo
the span of the vector (1,1,...,1). Thus the likelihood locus Z, consists of all
critical points of the likelihood function . We will show how to compute
the ideal of Z,, using Grébner bases methods, with the aim of finding the global
maximum of L(p) over the model Vi¢(a)(P).

While most statistical models are parametric in nature, the usefulness of a
constrained optimization approach to the likelihood equations comes from the fact
that algebraic parametrizations can be implicitized. We will show in two examples
how the prime ideal P of a model can be derived from a given parametrization.

Example 2.2.2 (Random censoring revisited). In this example, we explain how to
obtain the implicit equation of the random censoring model from Example
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Recall that this model was given by the rational parametrization

B As
po = AL+ Ao+ A
A1 As
P = :
A+ A+ As Ag+ A
B Ao As
LCE VNI Vi WS VN
A Ao A1+ Ay + 2,
P12 = :

MAENs Mot Mot

The model is a parametrized surface in the probability tetrahedron As. We com-
pute the implicit equation of this surface using the following piece of code for the
computer algebra system Macaulay2:

S = frac(QQ[t,11,12,1s]);

R = QQ[pO,pl,p2,p12];

f = map(S,R,matrix{{

txls/(11+12+1s),

tx11%1s/((11+12+1s)*(12+1s)),
t*x12%1s/((11+12+1s)*(11+1s)),

t*11x12% (11+12+2*%1s) / ((11+1s) * (12+1s) *(11+12+1s))}});
P = kernel f

The ideal P is a principal ideal. It is generated by one cubic polynomial:

P = (2pop1ps + pip2 + p1p3 — Pap12 + P1p2p12)-

Note that the extra parameter t is used in the parametrization to produce a homo-
geneous polynomial in the output. Without the parameter t, the extra polynomial
po + p1 + p2 + p12 — 1 appears as a generator of P.

In Example we showed, using the parametrization, that the ML degree
of this model is equal to three. This degree could have been computed, alterna-
tively, using the implicit equation just found and Algorithm below. O

Example 2.2.3 (The cheating coin flipper). Here we illustrate the implicit approach
to maximum likelihood estimation for a simple mixture model with £k = 5. In a
game of chance, a gambler tosses the same coin four times in a row, and the
number of times heads come up are recorded. The possible outcomes are thus 0,
1, 2, 3, or 4. We observe 242 rounds of this game, and we record the outcomes
in the data vector u = (ug,u1,us2,u3,us) € N° where u; is the number of trials
with ¢ heads. The sample size is n = ug + w1 + ug + uz + uyg = 242.

Suppose we suspect that the gambler uses two biased coins, one in each of
his sleeves, and he picks one of his two coins with the same probability before
each round. We are led to consider the model that is the mixture of a pair of
four-times repeated Bernoulli trials. The mixing parameter 7 is the probability
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that the gambler picks the coin in his left sleeve. Let o and 3 be the probability
of head with the left and right coin, respectively. Then the model stipulates that
the probabilities of the five outcomes are

o= wl-a) 4 (-m)- B
p = dma(l—a) + 4(1-m)B(1- B,
pr = 6ma?(1-a)? + 61— m)F(1 - )2
ps = dmad(l—a) + 4(1-m)F(1— B,
Py = mat + (1—m)pt

The polynomial p; represents the probability of seeing 7 heads in a round. The
likelihood of observing the data u in 242 trials equals

249!

m “Po° Pyt e ps Pyt (2.2.2)
Maximum likelihood estimation means maximizing subject to 0 < 7, a, B <
1. The likelihood equations for this unconstrained optimization problem have in-
finitely many solutions: there is a line of critical points in the a = § plane.

In order to avoid such non-identifiability issues, we replace the given para-
metric model by its implicit representation. In order to derive this, we introduce
the Hankel matrix

12po 3p1 2p2
Q = |3m 2p2 3ps |,
2p>  3p3 12py
and we parametrize () in matrix form as

T T

(1-a)?\ [(1-a)? (1-)?\ ((1-p)
Q = 27| a(l—a) a(l—a) + 121 —7) | B(1-0) B(1-0)
a2 042 52 62
This is a sum of two rank one matrices, so we have det(Q) = 0, for all distributions
in the model. Since the model is three-dimensional, and det(Q) is an irreducible
polynomial, it follows that the homogeneous prime ideal P is generated by det(Q).
This analysis shows that we can compute maximum likelihood estimates for
this mixture model by solving the following constrained optimization problem:

: : uo w1 U2, U3, Ug
Maximize py°pi'ps°ps°py

. (2.2.3)

subject to det(Q) =0 and pg+---+ps = 1.

For an explicit numerical example, suppose that the data vector equals
u = (51,18,73,25,75).

We compute the maximum likelihood estimates by applying Algorithm below
to the principal ideal P = (det(Q)). The result shows that the ML degree of this
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model is 12, that is, the exact solution of problem leads to an algebraic
equation of degree 12.

The likelihood locus Z, consists of 12 points over the complex numbers.
Six of these critical points are real and have positive coordinates, so they lie in
Vint(a)(P). Among the six points, three are local maxima. The global optimum is
the point

B = (Po, 1, P2, B3, pa) = (0.1210412,0.2566238, 0.2055576,0.1075761,0.309201).

Using a numerical optimizer in the parameter space (7, @, 3) we can check that p

is indeed in the image of the model parametrization and thus statistically relevant.

Note that each coordinate of p is an algebraic number of degree 12 over Q. For

instance, the first coordinate 0.1210412... is a root of the irreducible polynomial
8638005114701922596850958487028498432 jip >
—4546027854418874444505674152780234752 pit
—11647998233194091831445882951165542400 p;"
+4436190742596132515699254438021849088 )
+1502357076410733895538643771710150656 p5
—709119707855374420748705486616351616 ;)
—3010034765409286729565099406988032 /3
+30532552890157402334003506591771152 p)
—3827418898307918709555185551156944 pj
—11775113598233305143172316826936 jy
1+29483926989826361209370175125988 2
—1856378195949407077223944515045 pg
+35469872083524480811866147816 = 0.
Exact computation of maximum likelihood estimates involves the analysis of such

equations. |

Returning to our general discussion, suppose that the given prime ideal P is
generated by s homogeneous polynomials in the £ unknown probabilities:

P = <gl7927"'7gs> g RLph"wpk]-

This homogeneous ideal represents the statistical model M = Vint(A)(P). We
define the augmented Jacobian matriz of format (s + 1) x k as follows:

P b2 c Pk
991 991 .. 991
P1 gpl D2 gPQ Pk gpk
9g2. 992 . 992
J(p) = b1 ap1 D2 dp2 Pk Opk

99gs dgs ... 99s
P1 Op1 D2 Opo Dk Opr
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Using Lagrange multipliers for our constrained optimization problem, we find:

Proposition 2.2.4. A point p € U is in the likelihood locus Z,, if and only if the
data vector u lies in the row span of the augmented Jacobian matriz J(p).

Proof. Let V,g be the affine subvariety of C* defined by the ideal P+ (> p; —1).
The Jacobian of V,g is the Jacobian matrix of P augmented by a row of ones. The
likelihood function L has no poles or zeros on U, so the critical points of L are
the same as the critical points of log(L) = >, u;logp; on Vog. A point p € U is
a critical point of log(L) if and only if dlog(L)(p) = (u1/p1,...,ur/px) is in the
row span of the Jacobian of P+ (> p; — 1). As p; # 0 on the open set U, this
condition is equivalent to u being in the row span of J(p). |

The following corollary can be derived from Proposition

Corollary 2.2.5. There is a dense (Zariski) open subset V C RF, such that for
every data vector u € V, the likelihood locus Z,, consists of finitely many points
and the number of these critical points is independent of u. It is called the (implicit)
maximum likelihood degree (ML degree) of the model, or of the ideal P.

The adjective “Zariski” in the corollary implies that V must contain almost
all u € N*¥. The geometric idea behind this corollary is to consider the incidence
variety consisting of pairs (p,u) where p € Z,. This incidence variety is k — 1-
dimensional, and it is the projectivization of a vector bundle over Y. From this it
follows that Z, is either empty or finite for generic u. See Proposition 3 in [61].

Note that the implicit ML degree in Corollary [2:2.5] can differ from the value
of the parametric ML degree from Definition 2.1.4] even for the same model. The
implicit ML degree is usually smaller than the parametric ML degree. This dis-
crepancy arises because the implicit ML degree is insensitive to singularities and
because the parameterization might not be one-to-one.

We next give a general bound on the ML degree of a model in terms of the
degrees of the generators of P = (g1, g2,...,9s). We set d; = degree(g;) and

D = > did - die

i1+ tig<k—s—1

Here the sum is over all non-negative integer vectors (i1, .. .,4s) whose coordinate
sum is at most k — s — 1. It is tacitly assumed that s < k. If P has k or more
generators then we can obtain a bound by replacing P by a suitable subideal. The
following result appeared as Theorem 5 in [G1].

Theorem 2.2.6. The ML degree of the model P is bounded above by Ddyds - - - ds.
Equality holds when the generators g1, 9s,...,9s of P have generic coefficients.

Example 2.2.7. Suppose that k =5, s =1 and d; = 3. Then we have D =143+
32433 = 40 and the bound in Theorem equals Dd; = 120. Any model that is
a cubic hypersurface in A4 has ML degree at most 120. This bound is attained by
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generic hypersurfaces. However, cubic threefolds arising in statistical applications
are very special varieties, and their ML degree are usually much smaller. For
instance, for the coin model in Example 2:2.3]it is 12. O

Example 2.2.8. Suppose that s = k — 1 and the variety V(P) is finite. Theorem
[2:2.6) reduces to Bézout’s Theorem since D = 1 and the bound is d; - - - dg—1. O

Proposition 2.2.4] translates into an algorithm for computing the radical ideal
I, of the likelihood locus Z,,. Once the ideal I,, has been constructed, subsequent
numerical methods can be used to compute all zeros of I, and to identify the
global maximum of the likelihood function L(p). The following algorithm can be
implemented in any computer algebra system that incorporates Grobner bases.

Algorithm 2.2.9 (Computing the likelihood ideal).

Input: A homogeneous ideal P C R[py,...,px] and a data vector u € N¥.
Output: The likelihood ideal I,, for the model Viye(a)(P) and the data u.

Step 1: Compute ¢ = codim(P) and let @ be the ideal of (¢ + 1) x (¢ + 1)-minors
of the Jacobian matriz (0g;/0p;). (The ideal Q defines the singular locus of P)
Step 2: Compute the kernel of the augmented Jacobian matriz J(p) over the quo-
tient ring R[V] = R[py,...,px]/P. This kernel is a submodule M of R[V]".

Step 3: Let I, be the ideal in R[V] which is generated by the polynomials Zle uid;,
where (¢1,...,d,) runs over a set of generators for the module M.

Step 4: Compute the likelihood ideal from I!, by saturation as follows:

L= (L1 pa(pr+- +9a)Q)).

We refer to [61] for details on the practical implementation of the algo-
rithm, including the delicate work of computing in the quotient ring R[V] =
Rlp1...,pk]/P. A small test implementation is shown at the very end of this
section.

We note that the ML degree of the model Vi, (a)(P) is computed by running
Algorithm [2:2.9]on randomly chosen data u. The ML degree then equals the degree
of the zero-dimensional ideal I,, after Step 4. Here is an example to show this.

Example 2.2.10. We present a small instance of the context-specific independence
(CSI) model introduced by Georgi and Schliep in [52]. Let n = 7 and consider the
following parametrized mixture model for three binary random variables:

pi11 = T a1 5172 + T2 a1 8271 + m3 o211

pii2 = m a1B1(1l —v2) + moa1B2(1 — 1) + w3 azB1(l — 1)
p121 = m1a1(l = B1)y2 + m2a1(1 — B2)n + m3az(l — Bi)m
p22 = miaa(l—=F1)(1—v2) + mai(l—-0F)(1—-m) + max(l—pF)(1—m)
p211 = 71 (1 — a1)B1y2 + 2 (1 — 1) fBam1 + w3 (1 — a2)Bim

Pp212 st (1—061)51(1—’72) + w2 (1—(11)52(1—71) + 773(1_042)51(1_’71)
po1 = m(l-a)(l—-F)yr + ml-a)dl-0F)m + m(l—-a2)(l-08)n
p2o2 = m (1—a1)(1-51)(1—72) + m2 (1-a1)(1-F2)(1—m1) + 73 (1—a2)(1=F1)(1—m1)
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where m3 = (1 —m; —m2). This parametrization is non-identifiable because it has
eight parameters but the model is only six-dimensional. It is a hypersurface of
degree four in the simplex Ay;. Its defining polynomial is the hyperdeterminant

PH11D392 + Plo1P312 + Poob311 + PiiaP3o
—2p121P122P211P212 — 2P112P122P211P221 — 2P112P121P212P221 — 2P111P122P211P222
—2p111P121P212P222 — 2P111P112P221P222 + 4P111P122P212P221 + 4P112P121P211P222-

Applying Algorithm to the principal ideal generated by this polynomial, we
find that the hyperdeterminantal model of format 2 x 2 x 2 has ML degree 13. [

A key feature of Algorithm [2:2.9]is that Step 1 and Step 2 are independent of
the data u, so they need to be run only once per model. Moreover, these prepro-
cessing steps can be enhanced by applying the saturation of Step 4 already once
at the level of the module M, i.e., after Step 2 one can replace M by

M = (M : (p1 o 'pk<zpi) ’ Q)oo) = R[V]g'pl“'z?k(zm) M N R[V]k’

for suitable g € Q. Given any particular data vector u € N¥, one can then use
either M or M in Step 3 to define I,. The saturation in Step 4 requires some
tricks in order to run efficiently. In the numerical experiments in [61], for many
models and most data, it sufficed to saturate only once with respect to a single
polynomial, as follows:

Step 4% Pick a random (¢ + 1) x (¢ + 1)-submatrix of J(P) and let h be its
determinant. With some luck, the likelihood ideal I,, will be equal to (I, : h).

Recall that our objective is to compute maximum likelihood estimates.

Algorithm 2.2.11 (Computing the local maxima of the likelihood function).
Input: The likelihood ideal I, for the model Viyy(ay(P) and the data w.
Output: The list of all local mazima of the likelihood function L(p) on Vingay(P).

Step 1: Assuming that dim(I,) = 0, compute the solution set Z,, of I, numerically.
For each positive solution p* € Z, N Vigya)(P) perform the following steps:

Step 2: Solve the linear system J(p*)T - X = u to get Lagrange multipliers \. The

Lagrangian £ :=log(L(p)) — Zle Afgi(p) is a function of p.

Step 3: Compute the Hessian H(p) of the Lagrangian L(p). Compute the restriction

of H(p*) to the tangent space kernel(J(p*)) of V(P) at the point p*.

Step 4: If the restricted H(p*) in Step 3 is negative definite, then output p* with

its log-likelihood log(L(p*)) and the eigenvalues of the restricted H(p*).

We close this section by presenting a piece of Singular code which imple-
ments Algorithm [2.2.9]in its most basic version. This code is not optimized but it
can be used to experiment with small models. The model is specified by its ideal
P, and the data are specified by an 1 x k-matrix u. We here chose the hyperdeter-
minantal model in Example 2:2.10}
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LIB "solve.lib";
ring R = 0, (p111,pl112,p121,p122,p211,p212,p221,p222), dp;

ideal P = p11172%p22272+p121~2%p212~2+p122-2%p211~2+p112-2%p221~2
-2%p121%p122%p211%p212-2%p112%p122+p211*%p221-2%p112+p121*p212%p221
—2*p111*p122*xp211%p222-2*p111*pl121*p212*p222-2*p111*p112*p221*p222
+4%p111%p122%p212+p221+4*p112%p121%p211%p222  ; // = the model

matrix ul[1][8] = 2,3,5,7,11,13,17,19; // = the data

matrix J = jacob(sum(maxideal(1))+P) * diag(maxideal(l));
matrix I = diag(P, nrows(J));

module M = modulo(J, I);

ideal Iprime = u * M;

int ¢ = nvars(R) - dim(groebner(P));

ideal Isat = sat(Iprime, minor(J, c+1))[1];

ideal IP = Isat, sum(maxideal(1l))-1;

solve(IP);

The program outputs all 13 critical points of the likelihood function for the data
vector u = (u111, U112y - - - ,’LLQQQ) = (2, 3, 5, 7, 11, 13, 17, 19)

2.3 Likelihood Ratio Tests

Let X ... X be independent random vectors that all have the same distri-
bution, which is assumed to be unknown but in the statistical model

Po={Ps : 6c O} (2.3.1)

The parameter space © is assumed to be a subset of R*. Suppose that using
the information provided by the random sample XV ... X we wish to test
whether or not the true distribution Py belongs to some submodel of Pg that is
given by a subset Oy C O. Expressed in terms of the parameter 6, we wish to test

Hy:0 €0y versus Hy:0€0)\06,. (2.3.2)

In this section we explain the connection between the geometry of ©g and the
behavior of a particular approach to testing (2.3.2), namely, the likelihood ratio
test from Definition We assume that the distributions in Pg all have densities
pe(x) with respect to some fixed measure. This ensures that we can define the log-
likelihood function of the model Pg in the familiar form

0a(0) = D logpa(X™). (2.3.3)

=1
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Definition 2.3.1. The likelihood ratio statistic for the testing problem in (2.3.2)) is

An = 2 <sup £,(0) — sup «%(9)) .
e 0€6o

The likelihood ratio test rejects the null hypothesis Hy if A, is “too large.”

Since ©¢ C O, the likelihood ratio statistic A, is always non-negative. The
rationale behind the likelihood ratio test is that large values of \,, present evidence
against Hy because they indicate that the observed values are much more likely
to occur if the true parameter 6 is in © as opposed to Oy.

We remark that exact evaluation of the likelihood ratio statistic A,, requires
the solution of maximum likelihood estimation problems, as discussed in Sec-
tions 2.1] and

Example 2.3.2. Suppose the model Pg is the normal distribution family
(N9, 1dy) : 6 € RF},

where Id, is the k x k-identity matrix. The parameter space is © = RF. The
density of (0, Idy) is

1 1
wir) = oo { e olE}.

and, ignoring the normalizing constant, the log-likelihood function of the model is

1o ;
0(0) = 5 S IXO 9|3
i=1
Let
_ 1 & .
S (@)
Xn =~ ;X
be the sample mean. Then
n, = 1 & i .
al0) = —51Xa =03 = 5 > IXD — X3, (2:3.4)
i=1

Since we take © = R¥, the likelihood ratio statistic for (2.3.2)) is
An = n-eiengo 1 X, — 0|3 (2.3.5)
In other words, )\, equals the squared Euclidean distance between X, and O

rescaled by the sample size n. Recall Proposition [2.1.10{ and note that n - tr(S) =
S 1X@ — X, 13 when comparing to the expressions for £,,(6) given there. [
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In order to turn the likelihood ratio test from Definition |2.3.1|into a practical
procedure we need to be able to judge which values of A, are too large to be
reconcilable with the null hypothesis Hy. As for the chi-square test and Fisher’s
exact test discussed in Section we perform a probability calculation in which

we assume that
X0 x@ L x™ < Py, (2.3.6)

are independent and identically distributed according to the distribution indexed
by a true parameter 6y € ©q. In this probability calculation we calculate the
probability that the (random) likelihood ratio statistic A, is as large or larger
than the numerical value of the likelihood ratio statistic calculated from some
given data set. This probability is referred to as the p-value for the likelihood
ratio test.

Example 2.3.3. We continue Example and rewrite the likelihood ratio statistic

in (2.3.5)) as -
Ao = inf |[V/n(Xy = o) = v/n(6 = 00) I3 (2.3.7)

This is convenient because if holds, then /n(X,, — 6) is distributed ac-
cording to N (0, Idy). It follows that A, has the same distribution as the squared
Euclidean distance

inf |1 Z — hl3 (2.3.8)

he/n(©0—0o)

between the translated and rescaled set /n(©¢ — fp) and a random vector Z ~
N (0, Idy). Now if O is a d-dimensional affine subspace of R¥, then \/n(0 —6p) is
a d-dimensional linear space. It follows from Lemma below that A, has a x2-
distribution with codim(©g) = k — d degrees of freedom (recall Definition [I.1.5).
Let Aops be the numerical value of the likelihood ratio statistic calculated from
some given data set. Then, in the affine case, we can compute a p-value for the
likelihood ratio test as

Poo(n 2 abs) = P (Xaim(en) = Aobs ) - (2.3.9)

Lemma 2.3.4. If ©¢ is a d-dimensional linear subspace of R¥ and X ~ N(0,%)
with positive definite covariance matrix 3, then

. _\Ty—ly _
0len6§0(X 0)'E (X —0)

has a Xifd -distribution.

Proof. Using the Cholesky decomposition method, we can find an invertible matrix
C such that CTC = X1, The affinely transformed random vector Y = CX has a
N (0, Idy,)-distribution, and

: _ Ty —1 _ — 3 _ 2
Juf (X =02 (X —0) = inf Y —qll2.
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The linear space C'©( being d-dimensional, there is an orthogonal matrix @ such
that QCOy = R? x {0}¢~4. Let Z = QY. Then

inf Y —~)5= inf [|Z-Qv[3=2; e+ 7 2.3.10

oo 1Y —alo= b 12—l =2k g2t + 2 (2.3.10)

Since Z is distributed according to N'(0,QQT) = N(0, Idy), the sum of squares
on the far right in (2.3.10) has a x7_-distribution. ]

When deriving the chi-square distribution as the distribution of the likelihood
ratio statistic in Example [2.3.3] a key argument was that if ©g is an affine space
then /n(©y — 6y) is a fixed linear space for all §y € Oy and sample sizes n.
Unfortunately, this is no longer true if ©¢ is not an affine space. However, if the
sample size n is large and Oy a smooth manifold, then the distribution of the
likelihood ratio statistic can still be approximated by a chi-square distribution.

Example 2.3.5 (Testing a parabola). Consider the normal distribution situtation
from Examples and in the plane, that is, with k = 2. Let

Qo = {0 =(01,00)T €R? : 0, = 0%}

be a parabola as in Figure If the true parameter 6y = (o1, 0o2)” lies on this
parabola, that is, if fp2 = 63;, then by , the likelihood ratio statistic A, is
distributed like the squared Euclidean distance between Z ~ N(0, Ids) and the
translated and rescaled parabola

2

\/ﬁ(@o — 90) = {9 cR? : 0y = \9/% + 290191} . (2.3.11)
The shape of /n(©¢ —6y) depends on both n and 6, and thus, so does the distri-
bution of A\,. This dependence complicates the computation of an analogue of the
p-value in . This problem disappears, however, in asymptotic approxima-
tions for large sample size n. As n tends to infinity, the set v/n(60y—6y) in
converges to

TCoy(00) = {0 € R? : 0y = 20016} (2.3.12)

This is the tangent line of the parabola ©g at 6y. Convergence of sets means that
TCy,(0p) is the set of accumulation points of sequences (hy,) with h, € v/n(60y —
o) for all n. It can be shown that this entails the convergence in distribution

Ao == inf | Z—h| (2.3.13)

he TC@O (@0)
where Z ~ N (0, Ids); see [95, Lemma 7.13]. Since T'Cy,(0p) is a line, the right
hand side in (2.3.13) has a x2-distribution with codim(©y) = 1 degree of freedom.

This provides an asymptotic justification for computing the approximate p-value

p = lim Pp,(An > Aops) = P (xfodim@o) > Aobs) (2.3.14)

n—oo

when testing the parabola based on a large sample. |
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15 -1-050 05 1 15
(a) * (b)
Figure 2.3.1: (a) Parabola and (b) cuspidal cubic.

The asymptotics in are valid more generally when ©g is a smooth
manifold in R, k > 2, because only the local geometry of O, which is captured by
linear tangent spaces of fixed dimension, matters for these asymptotics. Moreover,
central limit theorems ensure that remains valid when the underlying
model Pg is not a family of normal distributions with the identity matrix as
covariance matrix but some other well-behaved family of distributions.

There are many interesting statistical models whose parameter spaces have
singularities. We shall see some explicit examples in Chapter ] and in Exercise
See Definition for the formal definition. It is very important to note that
at singularities the limiting distributions of the likelihood ratio statistic need no
longer be y2-distributions.

Example 2.3.6 (Testing a cuspidal cubic). As in Example we consider the
bivariate normal distributions N (6, Ids). Suppose that, based on a sample of n
observations, we wish to test whether 6 lies on the cuspidal cubic

Qo= {0 eR? : 62 =03}

shown on the right hand side in Figure At points 0y in ©¢\ {0}, the curve O
has a well-defined tangent line. Therefore, one can show, in exactly the same fash-
ion as for the parabola in Example that \,, converges to the x2-distribution
for all true parameters 6y € ¢ \ {0}.

On the other hand, if the true parameter 6y is zero, that is, equal to the sole
singularity of ©, then the limiting behavior of A, is different. As n — oo, the sets

VN = {0 € R? : 02 =03/\/n} (2.3.15)

converge to the tangent cone

TCy(0g) = {0 €R? : 6, =0, 6; >0}. (2.3.16)
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From this it is possible to deduce, in analogy to , that A\, converges
in distribution to the squared Euclidean distance between Z ~ N(0, Ids) and
TCo(Op). This squared distance is equal to Z3 if Z; > 0 and equal to Z7 + Z3
if Z; < 0. Since the sign of Z; is independent of both Z7 and Z? + Z32, and
P(Z, >0) = P(Z, <0)=1/2, it follows that

1 1
h RN X2+ =x3, (2.3.17)
2 2
or in other words,
. 1 2 1 2
lim P(\, > Aops) = §P(X1 > Aobs) + §P(X2 > Aobs) (2.3.18)

for all Agps > 0. Consequently, an asymptotic p-value calculated by the chi-square
formula is too small when testing the cuspidal cubic and the true param-
eter is zero, because P(x? >t) < P(x3 > t) for all t. We remark that singularities
can also lead to the chi-square p-value from being too large. This becomes
clear when plotting the curve given by the equation 65 = 62 + 63 and considering
6o = 0. |

In the examples we discussed above the possible asymptotic distributions
for the likelihood ratio statistic were given by distances between a normally dis-
tributed random point and tangent lines, or more generally, tangent cones.

Definition 2.3.7. The tangent cone TC4,(0y) of the set ©g C R¥ at a point 6y € O
is the set of limits of sequences «, (6, —6p), where «, are positive reals and 6,, € ©
converge to 6. We refer to the elements of a tangent cone as tangent vectors.

A tangent cone is a closed set, and it is indeed a cone, that is, multiplying
a tangent vector with a non-negative real number yields another tangent vector.
Moreover, if 8; € ©1 N O4, then the tangent cone of the union ©; U©s at 6y is the
union of the two tangent cones for ©; and O, respectively.

As we will see in Theorem distances to tangent cones describe the
asymptotic behavior for the likelihood ratio statistic when testing hypotheses de-
scribed by polynomial equations and inequalities. This leads us to a definition.

Definition 2.3.8. Let R[ty, ..., ;] be the ring of polynomials in the indeterminates
t1,...,t, with real coefficients. A semi-algebraic set is a finite union of the form

6y = (J{0eR" | f(6) =0 for f € Fi and h(0) > 0 for h € H,},

i=1
where F;, H; C R[ty,...,t;] are collections of polynomials and all H; are finite.

Note that all the (sub-)models discussed in this book are given by semi-
algebraic sets. Semi-algebraic sets are the basic objects of real algebraic geometry.
Introductions to real algebraic geometry can be found in the text books [14] [16].
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In Examples we considered the statistical model comprising the
normal distributions NV'(6, Idy,), & € R¥. In this model the behavior of the likelihood
ratio statistic is directly connected to the geometry of the null hypothesis defined
by a subset @y C R¥. In more general and possibly non-normal statistical models
Po, the geometry of Oy matters in very similar fashion but in addition we need
to take into account how the distributions Py (locally) change with 6.

Definition 2.3.9. The Fisher-information matriz for the model Pg, © C RF, at
0 € O is the positive semi-definite k x k-matrix I(#) with entries

1(0);; =E {<£logp9(X)) <889jlogp9(X)>} . i.j € [k].

The expectation is taken assuming that X ~ Py.

In Exercise [6.5] we compute the Fisher-information when 6 is the covariance
matrix of a centered multivariate normal distribution, and the next example treats
the model consisting of all probability distributions on a fixed finite set.

Example 2.3.10 (Discrete Fisher-information). Suppose the sample consists
of discrete random variables taking values in the set [k+1]. Let Py be the joint dis-
tribution of these random variables that is associated with 6 = (61,...,0), where
0; is the probability of observing the value i. Assuming positive distributions, the
parameter space is the open probability simplex

k
©={0ec(01)k:> 0;<1}.

The log-density of the distribution Py can be expressed as

k k
logpg(z) = (Z L{p=iy log 9i) + l{z=p11) log (1 - Z9i>~
i=1

i=1

Let 01 =134, 0;. It X ~ Py, then E[1;x_;y] = 6;. We deduce that the k x k
Fisher-information matrix I(6) has i-th diagonal entry equal to 1/6; +1/6x11 and
all off-diagonal entries equal to 1/641. Its inverse ()1 is the covariance matrix
of the random vector with components 1{x—_;}, 7 € [k]. To check this, we note that
I(9)~! has diagonal entries 6;(1 — 6;) and off-diagonal entries —6,0;. O

When discussing the behavior of the likelihood ratio statistic some assump-
tions need to be made about the probabilistic properties of the underlying model
Po. We will assume that Pg is a regular exponential family, as defined next.

Definition 2.3.11. Let Pg = {P : 6 € ©} be a family of probability distributions
on X C R™ that have densities with respect to a measure v. We call Pg an
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exponential family if there is a statistic T : X — R* and functions h : ©@ — R*
and Z : © — R such that each distribution Py has v-density

P@) = g elhO T@) e .

Let

Q= {w € RF . /Xexp{wTT(x)} dv(z) < oo} :

If Q and © are open subsets of R* and A is a diffeomorphism between © and Q,
then we say that Pg is a regular exponential family of order k.

Besides having an open set © as parameter space, a regular exponential
family enjoys the property that the Fisher-information I(6) is well-defined and
invertible at all § € ©. For this and other facts about regular exponential fam-
ilies, we refer the reader to [I3] [19]. In this section, regular exponential families
simply serve as a device to state a unified result for both multivariate normal and
discrete distributions. Indeed the family of all multivariate normal distributions
as well as the positive distributions for a discrete random variable discussed in
Example define regular exponential families. How these two examples fall
into the framework of Definition is also explained in detail in [41].

We are now ready to state the main theorem about the asymptotic behavior
of the likelihood ratio statistic.

Theorem 2.3.12 (Chernoff). Suppose the model Pg is a reqular exponential family
with parameter space © C R¥, and let ©y be a semi-algebraic subset of ©. If
the true parameter 6y is in ©g and n — oo, then the likelihood ratio statistic A,
converges to the distribution of the squared Euclidean distance
min Z —1(00)Y %72
I | (00) 7l

between the random vector Z ~ N(0,1Idy) and the linearly transformed tangent
cone I(0p)*/2TCy,(0g). Here I(6y)*/? can be any matriz square root of I(6y).

This theorem has its origins in work by Chernoff [20]. A textbook proof can
be found in [95, Theorem 16.7]. The semi-algebraic special case is discussed in [37].

As stated Chernoft’s Theorem covers likelihood ratio tests of a semi-algebraic
submodel of a regular exponential family. In the Gaussian case, this amounts to
testing a submodel against the saturated model of all multivariate normal distri-
butions, and in the discrete case we test against the model corresponding to the
entire probability simplex. However, we may instead be interested in testing

Hy : 0 e @0 versus Hp:0¢€ 0, \@0 (2319)

for two semi-algebraic subsets ©¢ C ©1 C O, using the likelihood ratio statistic

An = 2 (sup £,(6) — sup £n(9)) . (2.3.20)
€O 0€0¢
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Now the model given by ©; need not be a regular exponential family, and Cher-
noff’s Theorem [2:3.12] does not apply directly. Nevertheless, there is a simple way
to determine limiting distributions of the likelihood ratio statistic (2.3.20) when
O C ©1 C O and the ambient model Pg is a regular exponential family. We can
write the likelihood ratio statistic as the difference of the likelihood ratio statistics
for testing (i) ©g versus © and (ii) ©1 versus ©. Chernoff’s Theorem now
applies to each of the problems (i) and (ii), and we obtain the following corollary.

Corollary 2.3.13 (Testing in a submodel). Suppose the model Pg is a reqular ex-
ponential family with parameter space © C R¥. Let Oy and ©1 be semi-algebraic
subsets of ©. If the true parameter 0y is in ©g and n — oo, then the likelihood
ratio statistic A, from converges to the distribution of

min Z —1(60)"%7)2 - min Z —1(6,)"*r 2
i 7= 00 P~ min 12~ 1(00)! /20

where Z ~ N (0, Idy) is a standard normal random vector.

Many statistical models of interest are presented in terms of a parametriza-
tion such that ©g = ¢g(I') for a map g : R? — R¥ and I' C R?. If ¢ is a polynomial
map and I is an open semi-algebraic set, then the Tarski-Seidenberg theorem [14]
§2.5.2] ensures that Qg is a semi-algebraic set. In particular, Theorem ap-
plies to such models. Moreover, it is straightforward to compute tangent vectors in
TCy,(Op) directly from the parametrization, by considering the Jacobian matrix

Jy(7) = (8?7(:)) € RFX4, (2.3.21)

Proposition 2.3.14. If 6y = g(v) for some vy € T, then the tangent cone of
©9 = g(I") at 6y contains the linear space spanned by the columns of Jg(7o).

Proof. Each vector in the column span of J,(7o) is a directional derivative along
a curve in ©¢ = ¢g(I'), and thus in the tangent cone. a

When computing the tangent cone TCy,(0y), it is often useful to complement
the given parametrization g with information contained in the implicit representa-
tion promised by the Tarski-Seidenberg theorem. In theory, this implicit represen-
tation can be computed using algorithms from real algebraic geometry [I4], but
this tends to be difficult in practice. A subproblem is to find the vanishing ideal

Z(©9) ={f € R[t1,...,tx] : f(#) =0 for all § € Og}. (2.3.22)

Using elimination theory, specifically Grébner bases and resultants, we can com-
pute a finite generating set {f1,..., fs} C R[t1,..., %] for the prime ideal Z(Oy);
see [25] §3] or [73] §3.2]. From this generating set we can form the Jacobian

Jr(0) = (gfj)t_e € R™*F, (2.3.23)
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Definition 2.3.15. A point 6y in Oy = ¢(T') is a singularity if the rank of the
Jacobian matrix Jy(fy) is smaller than k& — dim ©g, the codimension of ©y. We
note that, in the present setup, dim ©¢ equals the rank of Jy(7y) for v € I' generic.

The following lemma describes the simplest case of a tangent cone.

Lemma 2.3.16. If 6y = g(v0) is not a singularity of the semi-algebraic set Oy and
the rank of the parametric Jacobian Jy(7o) is equal to dim Oy, then the tangent
cone TCy,(Oq) is the linear space spanned by the columns of J4(7o).

At points 0y at which Lemma [2.3.16] applies, the limiting distribution of the
likelihood ratio statistic in Chernoff’s Theorem [2.3.12] is a x2-distribution with
codim(0g) many degrees of freedom; recall Lemma @ Therefore, the asymp-
totic p-value in is valid. When considering the setup of Corollary [2.3.13] a
x2-distribution with dim(©;) — dim(©y) degrees of freedom arises as a limit when
the tangent cones of both ©g and ©; are linear spaces at the true parameter 6.

The tangent cone at a singularity can be very complicated. Here, the vanish-
ing ideal Z(©g) and known polynomial inequalities can be used to find a superset
of the tangent cone. Let 6y be a root of the polynomial f € R[tq,...,t;]. Write

L
F&) = fult—00)
h=l
as a sum of homogeneous polynomials f in t — 6y = (t1 — 6o1, . . ., tx — Oor), where

fr(t) has degree h and f; # 0. Since f(6y) = 0, the minimal degree [ is at least
one, and we define fo, min = fi-

Lemma 2.3.17. Suppose 0y is a point in the semi-algebraic set ©¢ and consider
a polynomial f € R[tq,...,t;] such that f(0y) = 0 and f(0) > 0 for all 6 € Oy.
Then every tangent vector T € TCg,(Oy) satisfies that fg, min(T) > 0.

Proof. Let 7 € TCy,(0g) be the limit of the sequence oy, (6, — 6p) with a;,, > 0
and 60, € © converging to 6y. Let fp, min be of degree . Then the non-negative
numbers o, f(6,,) are equal to fg, min(n(0n — 6p)) plus a term that converges to
zero as n — 00. Thus, fo, min(7) = limy,—co fo,.min(n (6 — 00)) > 0. O

Lemma applies in particular to every polynomial in the ideal
{f&o,min : f S I(@o)} C R[tl, - ,tk]. (2324)

The algebraic variety defined by this tangent cone ideal is the algebraic tangent
cone of ©g, which we denote by ACy, (). Lemmaimplies that TCy,(0g) C
ACy,(0p). The inclusion is in general strict as can be seen for the cuspidal cubic
from Example where the tangent cone ideal equals (%) and the algebraic
tangent cone comprises the entire horizontal axis.

Suppose {f1), ..., f} C R[ty,..., 1] is a generating set for the vanishing
ideal Z(©g). Then it is generally not the case that {f(l) ey fés) } generates

6o, min? 0,min
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the tangent cone ideal . However, a finite generating set of the ideal in
(2.3.24) can be computed using Grobner basis methods [25, §9.7]. These methods
are implemented in Singular, which has the command tangentcone.

The algebraic techniques just discussed are illustrated in Exercise [6.4] which
applies Theorem to testing a hypothesis about the covariance matrix of a
multivariate normal distribution. Other examples can be found in [37]. Many of
the models discussed in this book are described by determinantal constraints, and
it is an interesting research problem to study their singularities and tangent cones.

Example 2.3.18. Let O( be the set of positive 3 x 3-matrices that have rank < 2
and whose entries sum to one. This semi-algebraic set represents mixtures of two
independent ternary random variables; compare Example [{.1.2] The vanishing
ideal of ©¢ equals

t11 tiz i3
(o) = (ti1+tiz+tiz+tor+to+log+tar+tsa+tss — 1, det [to1 tar toz]).

la1 ls2 s
The singularities of O are precisely those matrices that have rank 1, that is, ma-

trices for which the two ternary random variables are independent (recall Propo-
sition [1.1.2]). An example of a singularity is the matrix

1/9 1/9 1/9
0 = |1/9 1/9 1/9],
1/9 1/9 1/9

which determines the uniform distribution. The tangent cone ideal at 6, is gener-
ated by the sum of the indeterminates

t11+t1o+t13+1t21 +toa+tag+t31 +32+133
and the quadric

t11too —T12to1 +E11833 — 13831 +tootsz —tagtso —T13tao+E10to3 —t11t23 —t13t01
—t11t32+t12t31 —taot31 +121t32 —t21t33+123t31 —t12t33 +113t32.

We see that the algebraic tangent cone ACy,(0g) consists of all 3 x 3-matrices with
the property that both the matrix and its adjoint have their respective nine entries
sum to zero. Since 6 lies in the relative interior of Og, there are no additional
inequalities for the tangent cone at 6. Thus here we have

ACy,(00) = TCq,(Op).

This equality also holds at any other singularity given by a positive rank 1 matrix
0. However, now the tangent cone comprises all 3 x 3-matrices whose nine entries
sum to zero and whose adjoint A = (a;;) satisfies that
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This assertion can be verified by running the following piece of Singular code:

LIB "sing.lib";

ring R = (0,al1,a2,b1,b2),

(t11,t12,t13, t21,t22,t23, t31,t32,t33),dp;

matrix T[3][3] = t11,t12,t13, t21,t22,t23, t31,t32,t33;

ideal I = det(T),t11+t12+t13+t21+t22+t23+t31+t32+t33-1;

matrix a[3][1] = al,a2,1-al-a2;

matrix b[3][1] = b1l,b2,1-b1-b2;

matrix tO[3][3] = axtranspose(b);

I = subst(I,t11,t11+t0[1,1],t12,t12+t0[1,2],t13,t13+t0[1,3],
£21,t21+t0[2,1],t22,t22+t0[2,2],t23,t23+t0[2,3],
t31,t31+t0[3,1],t32,t32+t0[3,2],t33,t33+t0[3,3]);

// shift singularity to origin

tangentcone (I);

We invite the reader to extend this analysis to 3 x 4-matrices and beyond. (|
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Chapter 3

Conditional Independence

Conditional independence constraints are simple and intuitive restrictions on prob-
ability distributions that express the notion that two sets of random variables are
unrelated, typically given knowledge of the values of a third set of random vari-
ables. A conditional independence model is a family of probability distributions
that satisfy a collection of conditional independence constraints. In this chapter
we explore the algebraic structure of conditional independence models in the case
of discrete or jointly Gaussian random variables. Conditional independence mod-
els defined by graphs, known as graphical models, are given particular emphasis.
Undirected graphical models are also known as Markov random fields, whereas
directed graphical models are often termed Bayesian networks.

This chapter begins with an introduction to general conditional independence
models in Section We show that in the discrete case and in the Gaussian case
conditional independence corresponds to rank constraints on matrices of prob-
abilities and on covariance matrices, respectively. The second and third section
both focus graphical models. Section explains the details of how conditional
independence constraints are associated with different types of graphs. Section
describes parametrizations of discrete and Gaussian graphical models. The main
results are the Hammersley-Clifford Theorem and the recursive factorization the-
orem, whose algebraic aspects we explore.

3.1 Conditional Independence Models

Let X = (X1,...,X;) be an m-dimensional random vector that takes its values in
the Cartesian product X = []/., X;j. We assume throughout that the joint prob-
ability distribution of X has a density function f(z) = f(x1,..., 2, ) with respect
to a product measure v on X, and that f is continuous on X. In particular, the
continuity assumption becomes ordinary continuity if X = R" and presents no

restriction on f if the state space X is finite. We shall focus on the algebraic struc-
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ture of conditional independence in these two settings. For a general introduction

to conditional independence (CI) we refer to Milan Studeny’s monograph [86].
For each subset A C [m], let X4 = (X4)aca be the subvector of X indexed

by A. The marginal density fa(xa) of X4 is obtained by integrating out () a:

fA(fCA) = / f(l‘A,l‘[m]\A)dl/(l‘[m]\A), r € Xy.
Xmp\a

Let A, B C [m] be two disjoint subsets and xp € Xp. If fg(xp) > 0, then the
conditional density of X 4 given Xp = xp is defined as

The conditional density fap(zalzp) is undefined when fp(zp) = 0.
Definition 3.1.1. Let A, B,C C [m] be pairwise disjoint. The random vector X 4
is conditionally independent of Xpg given X¢ if and only if

fauBic(xa,vBlrc) = fac(walre)fpic(rslrc)

for all x4, xp and z¢ such that fo(ze) > 0. The notation X4 1l Xp | X¢ is used
to denote the relationship that X 4 is conditionally independent of Xp given X¢.
Often, this is abbreviated to A1 B|C.

There are a number of immediate consequences of the definition of conditional
independence. These are often called the conditional independence azioms.

Proposition 3.1.2. Let A, B,C, D C [m] be pairwise disjoint subsets. Then
(i) (symmetry) Xa Ll Xp|Xe = XpllXa|Xe
(i) (decomposition) X4 L Xpup | Xe = XalXp|Xc
(iii) (weak union) Xa Ll Xpip | Xe = XallXp|Xcup
(i) (contraction) X ol Xp | Xcup and Xa UL Xp | Xe = Xal Xpup | Xe

Proof. The proofs of the first three conditional independence axioms (symmetry,
decomposition, and weak union) follow directly from the commutativity of multi-
plication, marginalization, and conditioning.

For the proof of the contraction axiom, let x¢ be such that fo(zc) > 0. By
XallXp| Xcup, we have that

fAUB|CUD(xA;CUB |zc,xp) = fA\CuD(fA |zc,zp) - fB|CuD(9€B |zc,2p).
Multiplying by foup(zc,zp) we deduce that

fauBucup(Ta, 7B, 2c,2p) = fauvcup(Ta,zc,zp) - fBlcup(zB |0, TD).
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Dividing by fo(zc) > 0 we obtain

JauBupjc(za,zB,2p |2c) = faup|c(®a,xp |xc) - fBjIcup(TB | TC, D).
Applying the conditional independence statement X 4 Il X | X, we deduce
fauBupic(Ta,zB,vp|zc) = fac(zalre)fpc(rplzc)feicup(®lrc, D)
= fac(zalze)- feupic(Ts,*p|20),
which means that X4 1l Xpp| Xc. O

Unlike the first four conditional independence axioms, the fifth axiom (inter-
section) does not hold for every probability density, but only in special cases.

Proposition 3.1.3 (Intersection axiom). Suppose that f(x) > 0 for all x. Then
XAJ_LXB ‘ XCUD and XAJ_LXC |XBUD — XAJ_LXBUc |XD.
Proof. The first and second conditional independence statements imply

fauBjcup(Ta,rBlrc, 2p) = fajcup(zalrc, D) fBjcup(zBlzC, D), (3.1.1)

)
fauc|Bup(za,zc|rp,xp) = fapup(®alzs,2D) foipup(zclrp, D).  (3.1.2)
(

Multiplying (3.1.1) by foup(xzc,xp) and (3.1.2)) by feup(zp,zp), we obtain that

fauBucup(za, 2B, 2c, D) = fajcup(®alzc,2p) fBUcuD (B, TC, D), (3.1.3)

):
) = fapup(walrp,zp)fBucup(zB,Tc, D). (3.1.4)

fauBuBup (T4, B, TC, 2D

Equating (3.1.3)) and (3.1.4)) and dividing by fsucup(zs,zc,zp) (which is allow-
able since f(x) > 0) we deduce that

fajcup(zalze,xp) = fajpup(®alzp, TD).

Since the right hand side of this expression does not depend on z¢, we conclude

fAlCUD($A|1'C7 rp) = fA\D(iZ?A|$D)~

Plugging this into (3.1.3) and conditioning on Xp gives

fauBuc|p(®a, B, zclzp) = faip(Talzp) fBUC|D(TB, TC|TD)
and implies that X4 Il Xp,c | Xp. |

The condition that f(xz) > 0 for all x is much stronger than necessary
for the intersection property to hold. At worst, we only needed to assume that
feucup(xzp,zc,zp) > 0. However, it is possible to weaken this condition consid-
erably. In the discrete case, it is possible to give a precise characterization of the
conditions on the density which guarantee that the intersection property holds.
This is described in Exercise [6.6]
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Discrete conditional independence models. Let X = (X1,..., X,,) be a vector of
discrete random variables. Returning to the notation used in previous chapters, we
let [r;] be the set of values taken by X;. Then X takes its values in R = H;n:l [5].
In this discrete setting, a conditional independence constraint translates into a
system of quadratic polynomial equations in the joint probability distribution.

Proposition 3.1.4. If X is a discrete random vector, then the conditional indepen-
dence statement X4l Xg | X holds if and only if

Pisiniic+  Piagsict — Piasict " Piaipic+ = 0 (3.1.5)
for allig,ja € Ra, iB,j € Rp, and ic € R¢.

Definition 3.1.5. The conditional independence ideal 15 p|c is generated by all
quadratic polynomials in (3.1.5)).

Equivalently, conditional independence in the discrete case requires each ma-
trix in a certain collection of #R¢ matrices of size #R 4 X #Rp to have rank
at most one. The conditional independence ideal 14 | ¢ is generated by all the
2 x 2-minors of these matrices. It can be shown that Iy p|¢ is a prime ideal.

Example 3.1.6 (Marginal independence). The (marginal) independence statement
X1l X5, or equivalently, X; 1l X5 | X, amounts to saying that the matrix

P11 P12 0 Pirg
P21 P22 0 D2y
Pri1 Pri2 e Prirs

has rank one. The independence ideal I 5 is generated by the 2 x 2-minors:

Liwo = (PiyisPirjs — PirjaPisiy | 11,51 € [11], 42,42 € [r2]).

For marginal independence, we already saw these quadratic binomial constraints
in Chapter 1. (]

A conditional independence model is the family of distributions that satisfy a
set of conditional independence statements C = {411 By |Cy, A2 1L Bo|Cy, .. .}.
Here Ay, By, C}) are pairwise disjoint sets for each k. This defines a statistical
model in A _1. The conditional independence ideal of the collection C is the ideal

Ie =Ip0B 100 T {as1By 10+ -

The conditional independence ideals I¢ can be used to investigate implications
between conditional independence statements. In particular, one approach to this
problem is provided by the primary decomposition of I¢.

A primary decomposition of an ideal I is a decomposition I = NQ;, where
each Q; is a primary ideal and the intersection is irredundant. For the associated
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algebraic varieties it holds that V(I) = UV (Q;), that is, the variety V(I) is decom-
posed into its irreducible components V(Q;). The minimal primes of the ideal I are
the radicals of the primary ideals @;. The minimal primes are the vanishing ideals
of the irreducible components. More background on primary decomposition can
be found in [25] 43]. In the setting of CI models, one hopes that the components
of Ic are easy to understand in terms of conditional independence constraints.

Example 3.1.7 (Conditional and marginal independence). Consider three binary
random variables X7, X3, and X3. Consider the collection C = {1.1.3|2,1.13}.
The conditional independence ideal is generated by 3 quadratic polynomials

Ie = Luszj2+ s

(P111P212 — P112D211, P121DP222 — P122D221,
(p111 + p121) (D212 + P222) — (P112 + P122) (D211 + P221)) -

For binary random variables, these two conditional independence statements are
equivalent to saying that the three matrices:

M, = P111 P112 . M,y = P121 Pi122 and M, + M, = Pi+1 D142
P211 D212 P221  P222 P24+1 D242

all have rank at most one. We compute the primary decomposition of Iz in
Singular with the following code:

LIB "primdec.lib";

ring R = 0, (p111,pl112,p121,p122,p211,p212,p221,p222), dp;
matrix M1[2][2] = p111,p112,p211,p212;

matrix M2[2] [2] = p121,p122,p221,p222;

ideal I = det(M1), det(M2), det(M1 + M2);

primdecGTZ(I) ;

The resulting primary decomposition of Iz can be interpreted in terms of condi-
tional independence constraints:

Ie = Liyqe3 N Ii2yus.

This equation says that, for binary random variables, 113|2 and 113 imply
that 111{2,3} or {1,2}113. A complete exploration of the CI model associated to
C = {11.3]2,11L3} for possibly non-binary variables appears in Excercise[6.7 O

Example 3.1.8 (Failure of the intersection axiom). As alluded to following Propo-
sition the intersection axiom can fail if the density function is not positive.
Here we explore this failure in the case of three binary random variables.

Let X1, X5, X3 be binary random variables, and let C = {1.1.2]3,11.3]|2}.
The conditional independence ideal is generated by four quadratic binomials,
which are four of the 2 x 2-minors of the 2 x 4 matrix

M — Pi11 Pi112 Pi121 Pi122
D211 P212  P221  P222
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The conditional independence ideal I has the primary decomposition:

Ic = ©Liug23y N (P111,P211, P122, P222) N (P112, P12, P21, P221) -

The first component, I}y 5 33, amounts to saying that M is a rank one matrix. It
is the component which corresponds to the conclusion of the intersection axiom.
The other components correspond to families of probability distributions that
might not satisfy the conclusion of the intersection axiom. For instance, the second
component corresponds to all probability distributions of the form

0 pu2 prza O
0 poiz pa2r O
that is, all probability distributions such that p;11 = pj22 = 0. O

A special class of conditional independence models are the graphical models,
described in the next section. These are obtained from a particular collection of
conditional independence statements that are derived from combinatorial separa-
tion properties in an underlying graph. One reason for preferring these graphical
representations is that they often have natural and useful parametrizations, to
be discussed in Section It is too much to ask that every discrete conditional
independence model have a parametrization: independence models need not be
irreducible subsets of the probability simplex. However, we might hope that the
next best thing holds, as formulated in the following question.

Question 3.1.9. Is it true that every irreducible component of a conditional inde-
pendence model has a rational parametrization? In other words, is every irreducible
component of a conditional independence model a unirational variety?

Example 3.1.10. Let X7, X5, X3, X4 be binary random variables, and consider the
conditional independence model

C={113]{2,4},214|{1,3}}.

These are the conditional independence statements that hold for the graphical
model associated to the four cycle graph with edges {12,23,34, 14}; see Section
The conditional independence ideal is generated by eight quadratic binomials:

Ice = Liusieay +loua) 1,3

<p1111102121 — P1121P2111,P1112P2122 — P1122P2112;

P1211P2221 — P1221P2211, P1212P2222 — P1222P2212,

P1111P1212 — P1112P1211, P1121P1222 — P1122P1221;

P2111P2212 — P2112D2211, D2121P2222 — P2122P2221) -

The ideal I is radical and has nine minimal primes. One of these is a toric ideal Ir,
namely the vanishing ideal of the hierarchical (and graphical) model associated
to the simplicial complex T' = [12][23][34][14]. The other eight components are

linear ideals whose varieties all lie on the boundary of the probability simplex. In
particular, all the irreducible components of the variety V(I¢) are unirational. [
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It seems to be a difficult problem in general to address the unirationality of
conditional independence varieties. One case where an affirmative answer is known
is when the CI ideal is a binomial ideal (that is, generated by binomials p* — ap?).
Here rationality holds because of the following result of commutative algebra [44].

Theorem 3.1.11 (Binomial primary decomposition). Every primary component and
associated prime of a binomial ideal is a binomial ideal. In particular, every irre-
ducible component of a binomial variety is a toric variety, and is unirational.

In particular, one can generalize the rationality result of Example |3.1.10| to
any model where the given conditional independence statements are all saturated:

Corollary 3.1.12. If C consists of CI statements of the form AL B|C such that
AUBUC = [m)], then every irreducible component of I is a unirational variety.

Proof. If AUBUC = [m)] for all AL B|C € C then I¢ is a binomial ideal. O

Gaussian conditional independence models. It is also natural to ask about con-
ditional independence implications in the case of multivariate normal random vec-
tors. In this case, as well, conditional independence is an algebraic condition.

Proposition 3.1.13. The conditional independence statement X4 L Xp | X¢o holds
for a multivariate normal random vector X ~ N (p, X)) if and only if the submatriz
Y auc,Buc of the covariance matriz X has rank #C.

Proof. Tf X ~ N (11, ) follows a multivariate normal distribution, then the condi-
tional distribution of X 45 given X = x. is the multivariate normal distribution

N (MAUB + EAUB,CZE}C(JJC — Ue); ZAUB,AUB — EAUB,CEE}CZC,AUB) ;
see, for example, [I'7, §B.6]. The statement X 41l X5 | X¢ holds if and only if
(X auB,auB — ZAUB,CZE*}CEC,AUB)A,B =XaB — EA,CZE*}CEC,B = 0.

The matrix ¥4 p — ZA,CEE}CEC,B is the Schur complement of the matrix

> _ (¥aB Xac
AUC,BUC — ECB ECC .

Since X¢ ¢ is always invertible (it is positive definite), the Schur complement is
zero if and only if the matrix ¥ 4uc,puc has rank equal to #C. O

The set of matrices of fixed format with rank < k is an irreducible variety,
defined by the vanishing of all (k + 1) x (k + 1) subdeterminants. In the context
of symmetric matrices, the ideal generated by these subdeterminants is a prime
ideal [23]. Hence, we obtain nice families of conditional independence ideals.
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Definition 3.1.14. Fix pairwise disjoint subsets A, B, C of [m]. The Gaussian con-
ditional independence ideal Ja 1 p|c is the following ideal in R[o;;,1<i<j<m]:

JAJ_LB|C = <(#C+ 1) X (#O+ 1) minors of EAUC,BUC>

Let C be a collection of conditional independence constraints. The Gaussian
conditional independence model consists of all jointly normal random variables
that satisfy all the conditional independence constraints in C. Each Gaussian con-
ditional independence model corresponds to a semi-algebraic subset of the cone
of positive definite matrices PD,,. As in the discrete case, we can explore conse-
quences of conditional independence constraints among Gaussian random variables
by looking at the primary decomposition of the conditional independence ideal

Je=Ja 1B cn tJasuBsjco T
associated to the collection C.

Example 3.1.15 (Gaussian conditional and marginal independence). Let C = {113,
1113 |2}. The conditional independence ideal J¢ is generated by two minors:

Je = J11L3|2 +Jius = <013, 013022 — 012023> .
This ideal has the primary decomposition
Je = (013,012023) = (012,013) N (013,023) = Jiu2,3r N J2pus-
It follows that the implication
X1 X3 | Xo and X5 1L X3 = XU (Xs, X3) or (X1, X)L X5,
holds for multivariate normal random vectors. ]

Example 3.1.16 (Gaussian intersection axiom). Since a multivariate normal ran-
dom vector has a strictly positive density, the intersection axiom from Proposi-
tion [3.1.3| is automatically satisfied. However, the associated CI ideal can have
interesting primary components. For example, if C = {112]3,11.3|2} then

Je = <012U33 — 013023,013022 — 0'120’23>
= (o12,013) N (Jo + (022033 — 033)) .

Note that the extra equation o99033 — 053 = det(Xa3,23) implies that the set of real
symmetric matrices satisfying the equations in the second primary component has
empty intersection with the cone of positive definite matrices. It is the first compo-
nent that corresponds to the conditional independence statement X7 1l (X5, X3),
which is the conclusion of the intersection axiom.

On the other hand, if we were to allow singular covariance matrices, then
the intersection axiom no longer holds. The second component in the intersection
provides examples of singular covariance matrices that satisfy X; 1 Xo| X3 and
X1 X5 | X3 but not X;1L(Xo, X3). We remark that singular covariance matrices
correspond to singular multivariate normal distributions. These are concentrated
on lower-dimensional affine subspaces of R™. O
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Question about the unirationality of conditional independence models
extends also to the Gaussian case. However, aside from binomial ideals, which cor-
respond to conditional independence models where every conditional independence
statement Al B|C satisfies #C < 1, not much is known about this problem.

3.2 Graphical Models

Consider a random vector X = (X, |v € V) together with a simple graph G =
(V, E) whose nodes index the components of the random vector. We can then
interpret an edge (v, w) € E as indicating some form of dependence between the
random variables X, and X,,. More precisely, the non-edges of G correspond to
conditional independence constraints. These constraints are known as the Markov
properties of the graph G. The graphical model associated with G is a family of
multivariate probability distributions for which these Markov properties hold.

This section gives an overview of three model classes: undirected graphical
models also known as Markov random fields, directed graphical models also known
as Bayesian networks, and chain graph models. In each case the graph G is assumed
to have no loops, that is, (v,v) ¢ E for all v € V, and the differences among
models arise from different interpretations given to directed versus undirected
edges. Here, an edge (v,w) € E is undirected if (w,v) € E, and it is directed if
(w,v) ¢ E. The focus of our discussion will be entirely on conditional independence
constraints, and we will make no particular distributional assumption on X but
rather refer to the ‘axioms’ discussed in Section[3.1] The factorization properties of
the distributions in graphical models, which also lead to model parametrizations,
are the topic of Section More background on graphical models can be found
in Steffen Lauritzen’s book [67] as well as in [24], 26], 42} [T00].

Undirected graphs. Suppose all edges in the graph G = (V| E) are undirected.
The undirected pairwise Markov property associates the following conditional in-
dependence constraints with the non-edges of G:

XUJ.LXw |XV\{v,w}7 (v,w) §é FE. (3.2.1)
In a multivariate normal distribution N (p, ¥) these constraints hold if and only if

det(E(V\{w})X(v\{v})) =0 <~ (Zil)vw =0. (3.2.2)

This equivalence is a special case of Proposition [3.1.13

The undirected Gaussian graphical model associated with G comprises the
distributions N (u, ) satisfying (3.2.2)). For the case when G is a cycle see Example
As we shall see in Proposition[3.3.3] the set of positive joint distributions of
discrete random variables that satisfy coincides with the hierarchical model
associated with the simplicial complex whose facets are the maximal cliques of G.
Here, a clique is any subset of nodes that induces a complete subgraph.
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(D @‘:

Figure 3.2.1: Undirected graph.

Example 3.2.1. If G is the graph in Figure then the undirected pairwise
Markov property yields the constraints

XlJ.LX4|(X2,X3) and Xll_LXgl(XQ,X4).

The multivariate normal distributions in the undirected Gaussian graphical model
associated with this graph have concentration matrices K = X! with zeros at
the (1,4), (4,1) and (1, 3), (3,1) entries. The discrete graphical model is the hier-
archical model Mr associated with the simplicial complex I' = [12][234]. O

The pairwise constraints in generally entail other conditional inde-
pendence constraints. These can be determined using the undirected global Markov
property. This associates with the graph G the constraints X 41l Xp | X¢ for all
triples of pairwise disjoint subsets A, B,C C V, A and B non-empty, such that C'
separates A and B in G. In Example the global Markov property includes,
for instance, the constraint X; L (X3, X4) | Xo.

A joint distribution obeys a Markov property if it exhibits the conditional
independence constraints that the Markov property associates with the graph.

Theorem 3.2.2 (Undirected global Markov property). If the random vector X has a
joint distribution PX that satisfies the intersection axiom from Proposition
then PX obeys the pairwise Markov property for an undirected graph G if and only
if it obeys the global Markov property for G.

The proof of Theorem [3.2.2] given next illustrates the induction arguments
that drive many of the results in graphical modelling theory.

Proof. (<=): Any pair of non-adjacent nodes v and w is separated by the com-
plement V' \ {v,w}. Hence, the pairwise conditional independence constraints in
are among those listed by the undirected global Markov property.

(=): Suppose C separates two non-empty sets A and B. Then the cardi-
nality of V\C' is at least two. If it is equal to two, then A and B are singletons
and X4 1l Xp| X¢ is one of the pairwise constraints in . This observation
provides us with the induction base for an induction on ¢ = #(V \ C). In the
induction step (¢ — 1) — ¢ we may assume that ¢ > 3. We distinguish two cases.
The high-level structure of the graph in these two cases is depicted in Figure|3.2.2
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Figure 3.2.2: Illustration of the two cases in the proof of Theorem [3.2.2

Induction step (a): If AUBUC =V, then ¢ > 3 implies that A or B has
at least two elements. Without loss of generality, assume that this is the case for
B, which can then be partitioned into two non-empty sets as B = B; U By. Then
C'U By separates A and Bs. Since the cardinality of V' \ (C' U By) is smaller than
¢, the induction assumption implies that

XalXp, | (Xe,XB,)- (3.2.3)
Swapping the role of By and By we find that
XalXp | (Xe,XB,)- (3.2.4)

An application of the intersection axiom to and yields the desired
constraint X4l X | X¢.

Induction step (b): It AUBUC C V, then we can choose v ¢ AUBUC. In
this case C'U {v} separates A and B. By the induction assumption,

XallXp|(Xe, X). (3.2.5)

Any path from A to B intersects C. It follows that A U C separates v and B, or
B U C separates v and A. Without loss of generality, we assume the latter is the
case such that the induction assumption implies that

XallX,|(Xp, Xc). (3.2.6)

The intersection axiom allows us to combine (3.2.5) and (3.2.6)) to obtain the con-
straint X, 1l (Xp, X,)| X¢, which implies the desired constraint Xl X5 | X¢.
O

We conclude our discussion of undirected graphical models by showing that
for distributions satisfying the intersection axiom, graphical separation indeed
determines all general consequences of the pairwise constraints in (3.2.1)).

Proposition 3.2.3 (Completeness of the undirected global Markov property). Sup-
pose A, B,C' C V are pairwise disjoint subset with A and B non-empty. If C does
not separate A and B in the undirected graph G, then there exists a joint distri-
bution for the random vector X that obeys the undirected global Markov property
for G but for which X L Xp | X¢ does not hold.
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Figure 3.2.3: Directed graphs representing (a) X7 1 X3 | X5 and (b) X711 X5.

Proof. We shall prove this statement in the Gaussian case. Consider a path m =
(v1,...,v,) with endpoints v; € A and v,, € B that does not intersect C. Define a
positive definite matrix K by setting all diagonal entries equal to one, the entries
{(vi, vi41), (Vi41,0;)} for ¢ € [n — 1] equal to a small non-zero number p, and all
other entries equal to zero. In other words, the nodes can be ordered such that

I p
p

T D
_

Idy\x

where Idy\ . is the identity matrix of size #V —n.

Let X be a random vector distributed according to N(0,%) with ¥ = K1,
By , the distribution of X obeys the pairwise Markov property and thus, by
Theorem [3.2.2] also the global Markov property for the graph G. For a contradic-
tion assume that X4 1l Xp| X¢o. In particular, X, 1L X, |Xe. Since X, 1L X¢,
the contraction axiom implies that X, 1L (X,, , X¢). However, this is a contradic-
tion since the absolute value of the cofactor for o,,,, is equal to [p|"~1 £0. O

Directed acyclic graphs (DAG). Let G = (V,E) be a directed acyclic graph,
often abbreviated as ‘DAG’. The edges are now all directed. The condition of
being acyclic means that there may not exist a sequence of nodes vy, ..., v, such
that (v1,v2), (v2,v3), ..., (vn,v1) are edges in E. The set pa(v) of parents of a node
v € V comprises all nodes w such that (w,v) € E. The set de(v) of descendants is
the set of nodes w such that there is a directed path (v, uq), (ug,uz),..., (tn,w)
from v to w in E. The non-descendants of v are nd(v) =V \ ({v} U de(v)).
The directed local Markov property associates the CI constraints

XUJ—Xnd(U)\pa(v) ‘Xpa(u)7 v e ‘/, (327)

with the DAG G. The constraints in reflect the (in-)dependence structure
one would expect to observe if the edges represented parent-child or cause-effect
relationships; see the two examples in Figure [3.2.3

What are the general consequences of the conditional independence con-
straints that the local Markov property associates with a DAG G? As for undi-
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Figure 3.2.4: Directed acyclic graph.

rected graphs, this question can be answered by studying separation relations in
the graph. However, now a more refined notion of separation is required.

For a subset C' C V, we define An(C) be the set of nodes w that are in C
or that are ancestors of some node v € C. Here, w is an ancestor of v if there is
a directed path from w to v. In symbols, v € de(w). Consider an undirected path
7w = (Vo,V1,...,U,) in G. This means that, for each i, either (v;,v;41) or (viy1,v;)
is a directed edge of G. If i € [n — 1], then v; is a non-endpoint node on the path
7 and we say that v; is a collider on w if the edges incident to v; are of the form

Vi—1 — Vi < Vj41.

For instance, X3 is a collider on the path from X; to X5 in Figure |3.2.3|(b).

Definition 3.2.4. Two nodes v and w in a DAG G = (V, E) are d-connected given
a conditioning set C C V\{v,w} if there is a path 7 from v to w such that

(i) all colliders on 7 are in An(C'), and
(ii) no non-collider on 7 is in C.

If A, B,C C V are pairwise disjoint with A and B non-empty, then C' d-separates
A and B provided no two nodes v € A and w € B are d-connected given C.

Example 3.2.5. In the DAG in Figure [3.2.3(a), the singleton {X5} d-separates
X; and X3, whereas the empty set d-separates X; and X5, in the DAG in Fig-
ure b). For a little less obvious example, consider the DAG in Figure
In this graph, the nodes X; and X5 are d-separated by {Xs}, but they are not
d-separated by any other subset of { X3, X3, X4}. O

We can now define the directed global Markov property, which associates with
a DAG G the constraints X4 1l X | X for all triples of pairwise disjoint subsets
A,B,C C V, A and B non-empty, such that C d-separates A and B in G. For
this global Markov property, the following analogue to Theorem holds.

Theorem 3.2.6 (Directed global Markov property). Any joint distribution PX for
the random vector X obeys the local Markov property for a directed acyclic graph
G = (V,E) if and only if it obeys the global Markov property for G.
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Proof. This result is proven, for example, in [67, §3.2.2]. The proof requires only
the contraction axiom from Proposition As an illustration of how to work
with d-separation we present a proof of the easier implication.

(«<=): We need to show that the parent set pa(v) d-separates a node v from
the non-descendants in nd(v) \ pa(v). For a contradiction, suppose that there is a
path m# = (v,uq,...,u,,w) that d-connects v and w € nd(v) \ pa(v) given pa(v).
Then u; ¢ pa(v) because otherwise it would be a non-collider in the conditioning
set pa(v). Therefore, the edge between v and w; points away from v. Since w is a
non-descendant of v, there exists a node u;, ¢ € [n], that is a collider on 7. Let u;
be the collider closest to v, that is, with minimal index j. Since 7 is d-connecting,
u; is an ancestor of v. This, however, is a contradiction to the acyclicity of G. O

As a further analogue to the undirected case, we remark that the directed
global Markov property is complete: Proposition [3:2.3] remains true if we consider
a DAG instead of an undirected graph and replace separation by d-separation.

Finally, we point out a problem that is particular to DAGs. Two distinct
DAGs can possess identical d-separation relations and thus encode the exact same
conditional independence constraints. The graphs are then termed Markov equiva-
lent. For instance, there are two DAGs that are Markov equivalent to the DAG in
Figure a), namely the graphs X; «+ Xs — X3 and X; « X5 «— X3. Markov
equivalence can be determined efficiently using the following result.

Theorem 3.2.7. Two directed acyclic graphs Gy = (V, E1) and Gy = (V, E3) are
Markov equivalent if and only if the following two conditions are both met:

(1) G1 and G2 have the same skeleton, that is, (v,w) € Eq \ Eq implies (w,v) €
Es and (v,w) € Ey \ Ey implies (w,v) € Ey;

(i) G1 and G2 have the same unshielded colliders, which are triples of nodes
(u,v,w) that induce a subgraph equal to u — v «— w.

A proof of this result can be found in [7, Theorem 2.1], which also addresses
the problem of finding a suitable representative of a Markov equivalence class.

Chain graphs. Given the different conditional independence interpretations of
undirected and directed graphs, it is natural to ask for a common generalization.
Such a generalization is provided by chain graphs, as defined in Definition [3.2.10
However, two distinct conditional independence interpretations of chain graphs
have been discussed in the statistical literature. These arise through different spec-
ifications of the interplay of directed and undirected edges. The two cases are re-
ferred to as LWF or AMP chain graphs in [8], and are called ‘block concentrations’
and ‘concentration regressions’ in [99]. Here we will use the two acronyms LWF
and AMP, which are the initials of the authors of the original papers: Lauritzen-
Wermuth-Frydenberg [49, 68] and Andersson-Madigan-Perlman [g].

In the Gaussian case, the two types of chain graph models always correspond
to smooth manifolds in the positive definite cone. In light of Section this en-



3.2. Graphical Models 81

sures that chi-square approximations are valid for likelihood ratio tests comparing
two chain graph models.

Example 3.2.8 (Gaussian chain graphs). The graph G in Figure [3.2.5(a) is an
example of a chain graph. The conditional independence constraints specified by
the AMP Markov property for G turn out to be

X1 (Xo, Xy), Xo L Xy | (X1, X3), (3.2.8)
whereas the LWF Markov property yields

X1 (Xo, X4)| X3, Xoll Xy | (X1, X3). (3.2.9)

We see that, under the LWF interpretation, the chain graph is Markov equiv-
alent to the undirected graph obtained by converting the directed edge between
X7 and X3 into an undirected edge. Therefore, the associated Gaussian model is
the set of multivariate normal distributions whose concentration matrix K = %!
has zeros over the non-edges of G. The corresponding covariance matrices 3 form
a smooth subset of PD4. The AMP covariance matrices ¥ = (0;;) satisfy

2
o012 =014 =0, 013024 — 011024033 + 011023034 = 0.

The variety defined by these equations is non-singular over PD, because

9
0o

2 2
(073024 — 011024033 + 011023034) = 0i3 — 011033 # 0

for all ¥ = (Uij) in PD4 O

By the Markov equivalence between the graph from Figure a) and the
underlying undirected tree, the LWF model for discrete random variables is the
hierarchical model My for I = [13][23][34]. This connection to undirected graphs is
more general: the distributions in discrete LWF models are obtained by multiplying
together conditional probabilities from several undirected graphical models. In
particular, these models are always smooth over the interior of the probability
simplex; see the book by Lauritzen [67), §§4.6.1, 5.4.1] for more details.

Discrete AMP models, however, are still largely unexplored and computa-
tional algebra provides a way to explore examples and hopefully obtain more
general results in the future. A first step in this direction was made in [38]:

Proposition 3.2.9. If X1, X5, X3, Xy are binary random variables, then the set of
positive joint distributions that obey the AMP Markov property for the graph in
Figure (a) is singular exactly at distributions under which Xo, X4 and the
pair (X1, X3) are completely independent.

Before we give the computational proof of this proposition, we comment on
its statistical implication. If G is the graph obtained by removing the undirected
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edges from the graph G in Figure (a), then the AMP Markov property for G
specifies the complete independence of X5, X and the pair (X7, X3). Since this
is the singular locus of the binary model associated with G, it follows that with
discrete random variables, chi-square approximations can be inappropriate when
testing for absence of edges in AMP chain graphs (recall Section .

Proof of Proposition[3.2.9. The conditional independence relations in (3.2.8)) im-
pose rank-one constraints on the table of joint probabilities p = (piyiqigis) € D15
and the marginal table p = (piyi,+i,) € A7. Under the assumed positivity, each
joint probability factors uniquely as
Piyinisia = DigigialiPist++ = P(Xo =g, X3 = i3, Xy = ig | X1 = i1) P(X1 = 41).
For i € {1,2} and a subset A C {2,3,4}, let
qA|i = P(XJ = 1for all] S A‘Xl :Z)

For each i € {1,2}, the seven probabilities g4|; associated with non-empty sets
A C {2,3,4} can be used to reparameterize the condititional distribution of
(X2, X3, X4) given X7 = i. We have

P111)i = 4234}i» Di22)i = G2)i — 423)i — G24]i T 9234]i>
P112)i = 423)i — 4234]i» D212)i = 43)i — 423|i — 434]i T 9234]i>
P121)i = 424)i — 4234)i» D221)i = qG4)i — G24)i — g34]i T q234]i>

D211)i = Q348 — 234fi> DP222)i = 1 — q21s — G3}i — Gaji T 923 + G24)i + 434)i — 9234]s-

This reparametrization is convenient because in the new coordinates the condi-

tional independence X; Il (X5, X4) holds in a positive distribution if and only if
qz11 = 4q2)2, q41 = q4)2, q24|1 = q24|2-

We can thus compute with only 12 probabilities, which makes the following cal-
culation of a singular locus in Singular feasible. We first load a library and then
set up our ring as usual:

LIB "sing.lib";
ring R = 0,(q2,94,924,q931,932,9231,9232,9341,9342,9q2341,92342) ,dp;

The second conditional independence constraint X 1l X, | (X7, X3) translates into
the vanishing of four determinants, and we set up the corresponding ideal:

matrix Q11[2] [2] = q2341,q9231,
q341, q31;

matrix Q21[2] [2] = q2342,q232,
q342, q32;

matrix Q12[2] [2] = q24-q2341,92-q9231,

q4-q341, 1-q931;
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matrix Q22[2] [2] = 924-q2342,q2-q232,
Q4-q342, 1-932;
ideal I = minor(Q11,2),minor(Q21,2),minor(Q12,2) ,minor(Q22,2);

The next piece of code first computes the singular locus, then saturates to remove
components corresponding to distributions on the boundary of the probability
simplex, and finally computes the radical ideal:

ideal SL = slocus(I);
radical (sat(SL,q31*(1-g931)*q32x(1-q32)) [1]1);

The output of these computations shows that the positive distributions in the
singular locus satisfy the equations

4294 = Q245  q31i92 = Q23)i> G394 = G34)i»  G293ia = Q234fi, = 1,2.
These equations determine the complete independence Xo 1l Xy 1l (X7, X3). O

We now give the definition of chain graphs and introduce their two Markov
properties. Let G = (V, E) be a graph with possibly both directed and undirected
edges. Let (vo, .. .,v,) be a sequence of nodes, and define v,,+1 = vg. This sequence
is a semi-directed cycle if (v;,v;41) € E for all 0 < ¢ < n, and at least one of the
edges is directed, that is, (vi+1,v;) ¢ E for some 0 < i < n. For example,

Vo —> VU1 — V2 —> V3 — Vg — g

is a semi-directed cycle.

Definition 3.2.10. A graph G = (V, E) with possibly both directed and undirected
edges is a chain graph if it contains no semi-directed cycles.

Two nodes v and w in a chain graph G are said to be equivalent if they
are connected by a path composed solely of undirected edges. The equivalence
classes of this equivalence relation are known as the chain components of G. Let
T be the set of chain components. Then each chain component 7" € 7 induces a
connected undirected subgraph. We define a new graph D = (7, &) that has the
chain components as nodes, and it has an edge (T1,T2) € £ whenever there exist
nodes v; € T and vo € Ty such that (vi,v2) is in the edge set E of the chain
graph G. Since G has no semi-directed cycles, the graph D is a DAG.

Different parent sets will play an important role for the probabilistic inter-
pretation of chain graphs. If T' is a chain component and A C T, then we define
pac(A) to be the union of all nodes v € V\T such that (v, w) € E for some w € A.
In contrast, the parent set pap,(T") is the union of all chain components S € 7 such
that (S,T) € €. In general, pas(T) C pap(T). We write ndp(T) for the union of
all chain components that are non-descendants of 7" in D.
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Figure 3.2.5: Chain graphs with (a) two and (b) three chain components.

Example 3.2.11. The chain graph G in Figure[3.2.5[b) has three chain components
enclosed in boxes, namely, 77 = { X1, Xo}, To = { X3} and T3 = { X4, X5, X¢}. The
derived DAG D is the graph T} — T5 < T5. The parent sets with respect to D
are pap(T1) = pap(T2) = 0 and pap(T3) = {X1, X2, X3}. Note that pag(T5) =
{X2, X3} is a proper subset of pap(T5). The non-descendants with respect to D
are ndD(Tl) = {Xg}, HdD(Tg) = {Xl,XQ} and HdD(Tg,) = {Xl,XQ,X3}. U

The most intuitive versions of the Markov properties for chain graphs are the
so-called block-recursive Markov properties. These employ the recursive structure
captured by the DAG D. First, they apply a directed Markov property to D. Con-
sidering the directed local Markov property from we obtain the conditional
independence constraints

XTJ-LXndD(T)\paD(T) | XpaD (T)» TeT. (3.2.10)

Second, for each chain component T'; a Markov property for the undirected graph
Gr is applied to the conditional distribution of X7 given X, (1. Using the
pairwise Markov property from (3.2.1)) we get the constraints

XL X, | (XT\{'u,w}aXpa,D(T))a TeT, v,weT. (3211)

Finally, an interpretation is given to the precise structure of the directed edges be-
tween chain components. Two non-equivalent interpretations have been considered
leading to two different block-recursive Markov properties; see e.g. [8, [99].

Definition 3.2.12. Let G = (V, E) be a chain graph with set of chain components
7 and associated DAG D = (7, ). The AMP block-recursive Markov property for

G specifies the conditional independence constraints (3.2.10)), (3.2.11]), and
Xadll Xpap, (T)\pag(4) | Xpag(a), T €T, ACT.

The LWEF block-recursive Markov property for G specifies (3.2.10f), (3.2.11)), and
Xall Xpap (m)\pag(A) | (Xpag(a), Xnba)), T €T, ACT.
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Here, nb(A) = {v € T : (v,w) € E for some w € A} are the neighbors of A in
the undirected graph Grp.

Example 3.2.13. If G is the chain graph G from Figure|3.2.5(b), then (3.2.10) and
(3.2.11)) each yield precisely one constraint, namely,

(X17X2)JJ_X3 and )(4J.|_AX'6|()(1,)(27)(3,)(5)7

respectively. The additional constraints specified by the AMP block-recursive
Markov property include, for example,

(X5, X6) AL (X1, X3) | X2,

which becomes
(X5, X6)L(X1, X3) | (X2, X4)

in the LWF case. O

Results for AMP and LWF chain graphs include global Markov properties
defined using graphical separation criteria, completeness of these global Markov
properties, and results on Markov equivalence. Papers that provide entry-points
to this topic are [9, [79]. The issue of singularities of discrete AMP chain graph
models that we encountered in Proposition [3.2.9] will reappear in Problem 7.10.

3.3 Parametrizations of Graphical Models

Algebraic varieties can be described by polynomials in two different ways, either
parametrically or implicitly. For example, the space curve with parametric rep-
resentation (x,vy,2) = (t3,t%,¢5) has its implicit representation as a variety V (P)
given by the prime ideal P = (y? — xz, 2%y — 22,23 — yz). Not every variety has
a polynomial parametrization, but many interesting ones do (those that do are
called unirational). As an example of a unirational variety, consider the hyperde-
terminantal hypersurface in the space of 2 x 2 x 2-tables, which was parametrized
as a context specific independence model in Example See also Question
The design of algorithms for going back and forth between parametric and
implicit representations is an important research area in computational algebra.
The availability of both parametric and implicit representations is also a key
feature in the theory of graphical models. For undirected graphical models, the
result which makes this relationship precise is the Hammersley-Clifford Theorem,
which is the main focus of this section. For directed graphical models, the relevant
result is the recursive factorization theorem. In Section [3.2] graphical models were
introduced via their conditional independence constraints in broad generality. It
is also possible to give parametric descriptions of graphical models in broad gen-
erality. We first present these general descriptions, and then we narrow down to
their specific realizations for discrete models and Gaussian models, respectively.
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Undirected graphical models. Let G be an undirected graph on the set of nodes
[m] ={1,2,...,m} with edge set E. A clique C' C [m] in the graph is a collection
of nodes such that (i,7) € E for every pair i,j € C. The set of maximal cliques
is denoted C(G). For each C € C(G), we introduce a continuous potential function
Yo (ze) > 0 which is a function on X¢, the state space of the random vector X¢.

Definition 3.3.1. The parametrized undirected graphical model consists of all prob-
ability density functions on X of the form

f@) =5 I wetee) (3:3.1)

cec(G)

where
Z = / I ¢c@o)dv(x)
Y cec(a)
is the normalizing constant. The parameter space for this model consists of all
tuples of potential functions such that the normalizing constant is finite and non-

zero. A probability density is said to factorize according to the graph G if it can
be written in the product form (3.3.1)).

The Hammersley-Clifford theorem gives the important result that the para-
metrized undirected graphical model is the same as the (conditional independence)
undirected graphical model from Section [3.2] provided we restrict ourselves to
strictly positive distributions. For an interesting historical account see Peter Clif-
ford’s article [22]; a proof can also be found in [67, Theorem 3.9].

Theorem 3.3.2 (Hammersley-Clifford). A continuous positive probability density
f on X satisfies the pairwise Markov property on the graph G if and only if it
factorizes according to G.

It is our aim to explore the Hammersley-Clifford theorem from the perspec-
tive of algebraic statistics. In particular, we would like to know:

1. What probability distributions come from the factorization/parametrization
(3.3.1) in the case of discrete and normal random variables?

2. How can we interpret the Hammersley-Clifford theorem algebraically?

3. Can we use the primary decomposition technique of Section to explore the
failure of the Hammersley-Clifford theorem for non-negative distributions?

We first focus on the case of discrete random variables Xi,..., X,,. Let X;
take its values in [r;]. The joint state space is R = H;nzl [r;]. The graphical model
specified by the undirected graph G is a subset of Az _1. In the discrete case, the
general parametric description from becomes a monomial parametrization.
Indeed, taking parameters 91-6; € Rgoc, we have the rational parameterization:

1 (©)
DPivin-ty — qbiliQ...,»m(Q) = Z(@)CGIZJ(ZG) Gic . (332)
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Proposition 3.3.3. The parametrized discrete undirected graphical model associated
to G consists of all probability distributions in Ag_1 of the form p = ¢(0) for

0=(0'cece € H R§§~
cec(@)

In particular, the positive part of the parametrized graphical model is precisely the
hierarchical log-linear model associated to the complex of cliques C(G).

Denote by Ig the toric ideal of this graphical model. Thus, Ig is the ideal
generated by the binomials p*—p" corresponding to the Markov basis as in Sections
and We consider the variety Va(Ig) of the ideal I in the closed simplex
Ax_1. Equivalently, VA (I) consists of all probability distributions on R that are
limits of probability distributions that factor according to the graph. See [51] for a
precise polyhedral description of the discrepancy between the set of distributions
that factor and the closure of this set. We want to study a coarser problem, namely,
comparing Va (I¢) to conditional independence models Va (I¢) where C ranges over
conditional independence constraints associated to the graph. Let

pairs(G) = {illj| ([m]\ {s,5}) : (i,j) ¢ E}
be the set of pairwise Markov constraints associated to G and let
global(G) = {ALB|C : C separates A from B in G}

be the global Markov constaints associated to G. A graph is called decomposable if
its complex of cliques is a decomposable simplicial complex (see Definition [1.2.13)).

Example 3.3.4. Let G be the graph in Figure Its Markov properties are
pairs(G) = {11.4|{2,3}, 113|{2,4}}
global(G) = pairs(G) U { 11.{3,4}|2}.

We consider the case 1y = ro = r3 = r4 = 2 of four binary random variables. The
quadrics described by global(G) are the twelve 2 x 2-minors of the two matrices

M, = P1111 P1112  Pi1122  Pii21 and M, —= P1211 Pi1212  Pi1222 Pi221 .
P2111  P2112  P2122 P2121 D2211  P2212  P2222 P2221

These twelve minors generate a prime ideal of codimension six. This prime ideal
is the conditional independence ideal

Liigsay2 = minors(M;) + minors(Ms).

The maximal cliques C' of the graph G are {1,2} and {2, 3,4}, so the repre-

sentation of this model has 12 = 224-23 parameters 9§§). The following code
describes the ring map corresponding to ¢ in the algebra software Macaulay2. The
partition function Z can be ignored because we are only interested in homogeneous
polynomials that belong to the vanishing ideal. We use the following notation for

the model parameters: 95112) =all, 9%2) =al2,..., 9%@?4) = b221, 9%‘34) = b222.
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R = QQ[p1111,p1112,p1121,p1122,p1211,p1212,p1221,p1222,
p2111,p2112,p2121,p2122,p2211,p2212,p2221,p2222] ;
S = QQlall,al2,a21,a22,b111,b112,b121,b122,b211,b212,b221,b222] ;

phi = map(S,R, {all*blll,all*b112,all1*b121,a11%b122,
al2%b211,a12*b212,a12%b221,a12xb222,
a21*xb111,a21%b112,a21%b121,a21xb122,
a22xb211,a22xb212,a22%b221,a22%b222}) ;
P = kernel phi

The output of this Macaulay?2 code is precisely the prime ideal Ig = Iy i (3 4}2-
On the other hand, the ideal Iy representing the pairwise Markov

property on G is not prime. It is properly contained in . Namely, it is generated

by eight of the twelve minors of M; and M, and it can be decomposed as follows:

Ipairs(G) = (minors(Ml) N (p1111,P1122, P2111, P2122) N <p11127p1121,p21127]92121>)
+ (minors(Mz) N (p1211, P1aze, P2211, P2222) N (P1212, P1221, P2212, Pazat))

It follows that Ipais(c) is the intersection of nine prime ideals. One of these primes
is Ig = Igobai(q)- Fach of the other eight primes contains one of the unknowns
Pijki which means its variety lies on the boundary of the probability simplex Ajs.
This computation confirms Theorem [3.3.2] and it shows how the conclusion
of Proposition fails on the boundary of Ajs. There are eight such “failure
components”, one for each associated prime of I,,i:5()- For instance, the prime

<p1111,p1122,p2111,p2122> + <P12117P1222,p2211,102222>

represents the family of all distributions such that P(X3 = X4) = 0. All such
probability distributions satisfy the pairwise Markov constraints on G but they
are not in the closure of the image of the parametrization ¢. |

In general, even throwing in all the polynomials implied by global(G) might
not be enough to characterize the probability distributions that are limits of factor-
ing distributions. Indeed, this failure occurred for the four-cycle graph in Example
3.1.10, For decomposable graphs, however, everything works out nicely [51].

Theorem 3.3.5. The following conditions on an undirected graph G are equivalent:
(i) Ic = Igiobar(@)-

(ii) Ig is generated by quadrics.

(ii) The ML degree of V(Ig) is one.

(iv) G is a decomposable graph.

Let us now take a look at Gaussian undirected graphical models. The density
of the multivariate normal distribution N (u,Y) can be written as

@) = g {5tr-mph} TT e {5t st

1<i<j<m
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where K = (k;;) = ¥7! is the concentration matrix, and Z is a normalizing
constant. In particular, we see that the density f always factorizes into pairwise
potentials, and that f factorizes as in if and only if k;; = 0 for all (¢,j) ¢ E.
This leads to the following observation.

Proposition 3.3.6. The parametrized Gaussian undirected graphical model corre-
sponds to the set of pairs (u,¥) € R™ x PD,, with (X71);; =0 for all (i,j) ¢ E.

From the linear parametrization of the concentration matrices in the model,
we can employ the classical adjoint formula for the inverse to deduce a rational
parametrization of the covariance matrices that belong to the model.

Example 3.3.7. Let T be the tree with V = [4] and E = {(1,2),(1,3),(1,4)}. The
concentration matrices in the Gaussian undirected graphical model for T" are the
positive definite matrices of the form

kll k12 k13 k14
k‘12 1{322 0 0
k‘lg 0 ]4?33 0
k14 0 0 k44

Applying the adjoint formula, we find that the corresponding covariance matrices
3 have the form

kookszkss  —ki2ksskas —kizkookas —Kiskookss

1 —ki2ksskas  ki1kazkas  —kiokiskas  —kiok1akss
det K | —kiskaokss —kiokizkss  kiikookss  —Fkigkiakoo
—kiakookss  —Fkiokiakss —kizkiakas  Kkiikaokss

It follows that the set of covariance matrices in this Gaussian undirected tree model
determine a toric variety (since it is given by a monomial parametrization). Direct
computation in this case shows that the vanishing ideal Jr of this set of covariance
matrices is equal to the ideal Jgiopai(7) Which is generated by quadrics. |

It is unknown whether the characterization of decomposable graphs on dis-
crete random variables given in Theorem |3.3.5 can be extended in a meaningful
way to Gaussian undirected graphical models. For directed graphs see (3.3.7).

Directed graphical models. In the remainder of this section we consider a directed
acyclic graph G on the vertex set [m] and discuss parametrizations of the associ-
ated directed graphical models. For each node j of G, we introduce a conditional
distribution f;(x; [ pa(;)) and consider probability densities of the form

H (% | Tpa(y) (3.3.3)

Definition 3.3.8. The parametric directed graphical model consists of all probability
densities that factorize as the product of conditionals (3.3.3]).
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Here the situation is even better than in the undirected case: factorizations
are equivalent to satisfying the local or global Markov property [67, Thm. 3.27].

Theorem 3.3.9 (Recursive factorization). A probability density f satisfies the re-
cursive factorization property with respect to the directed acyclic graph G
if and only if it satisfies the local Markov property.

In the discrete case, the parametric representation of the directed graphical
model G takes the form

¢t Pivigine = | [ 09 (i lipa(s); (3.3.4)

Jj=1

where the parameters 0U )(ij | ipa(;)) Tepresent conditional probabilities. They are

assumed to satisfy the following linear constraints for all tuples i,,(;) in Rpa(j):

Tj
> 09 (k|ipagy) = 1.

k=1

We write ¢>¢ for the restriction of the map ¢ to the cone of non-negative parame-
ters or, more precisely, to the product of simplices given by these linear constraints.
For instance, in Example below, the parameter space is the 9-dimensional
hypercube Af.

The local Markov property associated with the directed acyclic graph G is
the set of conditional independence statements seen in . We abbreviate

local(G) = {ul (nd(u)\pa(w))|pa(u) : u=1,2,...,n}. (3.3.5)

In the discrete case, these CI statements translate into a system of homogeneous
quadratic polynomials. As in Definition we consider their ideal Jjoca1(c), and
we write VA (Liocai(c)) for the corresponding variety in the closed simplex Ag_;.
The discrete recursive factorization theorem takes the following form.

Theorem 3.3.10. The image of the parametrization ¢>o equals the set of all dis-
crete probability distributions which satisfy the local Markov property. In symbols,
image(¢>0) = Va(liocal(a))-

In Theorem we may replace the local Markov property, local(G), by
the global Markov property, global(G). The latter was defined in Section
However, the given formulation is a priori stronger since local(G) C global(G).
The next example illustrates the statement of Theorem [3.3.10]

Example 3.3.11. Let G be the DAG depicted in Figure where the nodes are
binary random variables. The local Markov property for this directed graph equals

local(G) = {21L3[1, 41.1[{2,3}}.
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The ideal generated by the quadrics associated with these two conditional inde-
pendence statements is

Doca(q) = < (P1111 + pr112)(P1221 + Piaze) — (Pri21 + priz2) (P1211 + Pi2i2),
(P2111 + p2112)(P2221 + P2222) — (P2121 + P2122) (P2211 + P2212),
P1111P2112 — P1112P2111 5, P1121P2122 — P1122P2121,
P1211P2212 — P1212P2211, P1221P2222 — P1222P2221>~
The ideal Ijocai(@) is prime, and its projective variety is irreducible and has dimen-

sion nine. In particular, the implicitly defined model VA (liocai()) has no “failure
components” in the boundary of the probability simplex. We have the equality

hocai(a)y = Igiobal(a) = la-

The recursive factorization theorem expresses this directed graphical model
as the image of a polynomial map ¢>o into the simplex A;5. We abbreviate the
vector of 9 = 20 4+ 21 + 21 4+ 22 parameters for this model as follows:

0 = (a,bi,by, c1,¢2, diy,dia,doy,dos).

The letters a, b, c,d correspond to the random variables Xi, X5, X3, X4 in this
order. The parameters represent the conditional probabilities of each node given
its parents. For instance, the parameter do; was denoted #(*)(1]21) in , and
it represents the conditional probability of the event “ X, = 17 given “X, = 2
and X3 = 17. With this notation, the coordinates of the map ¢ in are

P11 = a-by-ci-dn

priiz = a-by-cr-(1—dn)

prizi = a-by-(1—c1)-di

pr122 = a-by-(1—c1) (1 —di2)
pr2in = a-(1—=>b1)-cp-da

pr2iz = a-(1—=01)-c1-(1—dan)
pieor = a-(1—b1)-(1—c1)-da
pr2ze = a-(1—=01)-(1—c1)-(1—da2)
pari1 = (I—a)-by-ca-dn

pa11i2 = (1—a)-bz-ca-(1—dn)
pa21 = (1—a)-ba-(1—ca)-di2

parze = (I1—a)-by-(1—c2)-(1—di2)
penn = (I—a) - (1—b2) ca-dn

p12 = (1—a)-(1—b2) c2-(1—dn)
P = (1—a)-(1—=0by) (1 —c2)-daa
paooe = (1—a)-(1—="0ba) (1 —ca)-(1—daa).



92 Chapter 3. Conditional Independence

Figure 3.3.1: Directed acyclic graph.

Note that each of the six quadrics above vanish under this specialization. In fact,
the prime ideal of all algebraic relations among these sixteen quantities is

2 2 2 2
Docarey + <ZZZZPUM —1).

A detailed computer algebra study of discrete directed graphical models with at
most five nodes was undertaken by Garcia, Stillman and Sturmfels in [50]. g

We now examine the case of multivariate normal random vectors. The re-
cursive factorization translates into a sequence of recursive regressions of
random variables lower in the graph in terms of random variables farther up the
graph. Indeed, suppose that the vertices of the graph G are ordered so that j — k
is an edge only if j < k. For each j € [m], let £; ~ N(vj,w?) be a normal ran-
dom variable and assume that €1, ...,¢&,, are independent. To each edge 7 — k in
the graph, we associate a regression coefficient A;i. We can then define a random
vector X = (X1,...,X,,) as the solution to the recursive linear equations

X = > ApXj+er kelml (3.3.6)
j€pa(k)

The random vector X is multivariate normal, with a mean vector and covariance
matrix whose entries are polynomial functions of the parameters v;, w?, and Aji.

More precisely, X ~ N(A=Tv, A=TQA~Y), where v = (v1,...,Vy), the matrix

0 = diag(w?, ...,w?) is diagonal, and the matrix A is upper-triangular with
1 ifj=k
Njp = § N fj— kel (3.3.7)
0 otherwise.

It can be shown, by induction on the number m of nodes, that the conditional
distribution of X}, given X; = z; for all j < k is the normal distribution

N(Vk—F Z )\jkxj,w,%)

j€pa(k)
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Figure 3.3.2: Directed acyclic graph, often called the Verma graph.

This is also the conditional distribution of X}, given X, = z; for all j € pa(k).
From these observations one can infer that the density f(z) of a multivariate
normal distribution N (p, X) factorizes as in if and only if ¥ = A=TQAL.
In other words, the following result holds.

Proposition 3.3.12. The parametrized Gaussian directed graphical model associ-
ated to G corresponds to all pairs (u,¥) € R™ x PD,, such that ¥ = A~TQA~!
with A upper-triangular as in and Q diagonal with positive diagonal entries.

Let Jgiobai(g) be the ideal generated by all the determinantal constraints
coming from the global Markov property of the DAG G, that is, those that come
from the d-separation characterization in Definition @ The ideal Jgiobai(a) is
generated by certain minors of the covariance matrix, spelled out explicitly in
Definition Let Jg be the vanishing ideal of all covariance matrices coming
from the parametrization in Proposition [3.3.12] By definition, Jg is a prime ideal.
The recursive factorization theorem (Theorem guarantees that:

Proposition 3.3.13. The set of positive definite matrices satisfying the conditional
independence constraints equals the set of positive definite matrices that factorize
as ¥ = A"TQA™L. In particular, the following equality of semi-algebraic sets holds:

V (Jgiobai(c)) N PDpy = V(Jg) N PDy,.

Unlike the discrete case, there can be probability distributions that satisfy all
conditional independence constraints, but are not limits of Gaussian densities that
factorize according to the graph. These will correspond to singular positive semi-
definite covariance matrices, which yield probability distributions concentrated on
lower-dimensional planes in R™. Here is an example where this happens:

Example 3.3.14 (Verma graph). Let G be the DAG on five vertices depicted in
Figure m This graph is often called the Verma graph. The matrix A~! in this
case is the path polynomial matrix

1 0 M3 A13A34 A13A34A45 + A1s

0 1 Az Asgdzs +Aos AazAzgdgs + Aoghys
A71 = 0 0 1 A34 A34\45

0 0 O 1 A5

0 0 O 0 1
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The conditional independence statements expressed by the d-separation re-
lations in the Verma graph G are all implied by the three CI statements

102, 114[{2,3}, and {2,3}15|{1,4}.

Thus, the conditional independence ideal Jyobai() is generated by one linear form
and five determinantal cubics. Using algebraic implicitization (e.g. in Singular),
we find that Jg = Jgiobai(q) + (f) where f is the degree four polynomial

2 2
f = 023024025034 — 022025034 — 023024035 + 022024034035

2 2
—053025044 + 022025033044 + 053024045 — 022024033045.
The primary decomposition of Jgiobai(a) is

Jgtobal(c) = Ja N (011,012,013,014) -

Therefore, the zero set of Jyophai(e) inside the positive semi-definite cone contains
singular covariance matrices that are not limits of covariance matrices that belong
to the model. Note that since none of the indices of the o;; appearing in f contain
1, f vanishes on the marginal distribution for the random vector (Xo, X3, X4, X5).
This is the Gaussian version of what is known as the Verma constraint in machine
learning; compare for example [77], §7.3.1]. The computation shows that the Verma
constraint is still needed as a generator of the unmarginalized Verma model. [



Chapter 4

Hidden Variables

One of the goals of algebraic statistics is to extend classical statistical theory for
smooth statistical models to models that have singularities. Typically, these singu-
larities arise in statistical models with hidden variables, in which a smooth model
involving both observed and hidden variables is projected, via marginalization, to
a model for the observed variables only. Hidden variable models are ubiquitous in
statistical applications, but standard asymptotic theory usually does not apply be-
cause of model singularities. For example, we saw in Chapter [2| that the chi-square
asymptotics for the likelihood ratio test are typically not valid at a singular point.
This chapter describes hidden variable models in some specific instances,
and begins to address their geometric structure. Section explains ties between
hidden variable models and the algebraic geometry notion of secant varieties. The
statistical models presented there are for discrete random variables. A Gaussian
example, namely, the factor analysis model, is discussed in detail in Section

4.1 Secant Varieties in Statistics

In this section, we focus on a special family of algebraic varieties called secant
varieties. These varieties (or rather their positive parts) arise as special cases of
the statistical models with hidden variables we are interested in studying. The
hope is that by performing a detailed study of these particular models, much can
be learned about more general families of mixtures and hidden variable models.

Let K be a field and consider two affine varieties V, W C K¥. The join of V.
and W is the affine algebraic variety

TJV,W) = Do+ (1-Nw : veV,we W\ e Kl

This is the (Zariski) closure of the set of all points lying on lines spanned by a
point in V' and a point in W. If V. = W then this is the secant variety of V,
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denoted Sec*(V) = J(V, V). The s-th higher secant variety is defined by the rule:
Sec! (V) =V, Sec*(V) = J(Sec* *(V), V).

In other words, the s-th secant variety is the closure of the set of all points on
planes spanned by s points lying on V. For large s, this operation stabilizes, and we
get the affine hull of V. If V and W are cones (that is, \v € V for allv € V, A € K)
then we can drop the affine combinations in the definition of join and merely take
sums of elements. If V and W are projective varieties in P*~! then their join
J(V,W) is the projective variety associated with the join of their affine cones.

Secant varieties are well-studied objects in algebraic geometry. See [48 [105]
for two book length monographs highlighting the connections of joins and secant
varieties to classical algebraic geometry. Most of the algebraic geometry literature
on secant varieties focuses on their dimensions, namely, to what extent this di-
mension can differ from the expected dimension. However, there is now also an
emerging body of work on the vanishing ideals of secant varieties.

The statistical models we consider are generally not algebraic varieties, but
are usually semi-algebraic sets. Furthermore, when we form new statistical models
we typically take convex combinations of elements rather than affine combinations.
This leads us to the notion of a mixture. For the rest of this section, we assume
that our statistical models correspond, via their parameter spaces, to subsets of a
real vector space R¥. Let V and W be two such sets. Their mizture is the new set

Mixt(V,W) = {dv+(1—-Nw |veV,we W,Ae[0,1]}.

The mixture Mixt(V, W) consists of all convex combinations of a point in V' and
a point in W. We define the higher mixtures, of a set with itself, by the rules

Mixt' (V) =V, Mixt*(V) = Mixt(Mixt*~}(V), V).

We can write the higher mixtures explicitly as follows:

Mith(V) = {Z)\ivi ‘ v, EV, A\ € [0,1] and )\1+~'-+)\5:1}.

i=1
Note that for large s this operation stabilizes, and we obtain the convex hull of V.

Proposition 4.1.1. If V is a semi-algebraic set, then the secant variety Sec®(V) is
the Zariski closure of the mizture Mixt® (V).

Proof. The mixture is clearly contained in the secant variety. If the A; are chosen
generically in [0, 1] then the corresponding point in Mixt®*(V') is a non-singular

point in Sec®(V'). From this the assertation can be derived. O

Secant varieties and mixtures can be quite different from each other:
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Example 4.1.2 (Non-negative rank). Let V' be the set of all non-negative r x ¢
matrices with rank < 1. This is the non-negative part of the cone over the Segre
variety P"~1 x P!, The secant variety Sec®(V') consists of all r x ¢ matrices of
rank < s. On the other hand, the mixture Mixt®*(V') consists of all non-negative
7 X ¢ matrices that can be written as a sum of < s non-negative matrices of rank 1.

The smallest number s such that a non-negative matrix A can be written as
the sum of s non-negative matrices of rank 1 is called the non-negative rank of A.
Thus Mixt®*(V') consists of all matrices of non-negative rank < s. To illustrate the
differences between these two sets, we note that, whereas the rank of a matrix can
be computed in polynomial time, determining its non-negative rank is NP-hard
[96]. In other words, deciding whether a matrix A € Q"*¢ belongs to Sec®(V) can
be decided in polynomial time, whereas deciding whether A belongs to Mixt®(V)

is unlikely to have a polynomial time algorithm. Specifically, it is known that
Mixt*(V) = Sec*(V) NRLG"

but Mixt*(V) # Sec®(V) NRLG" for s> 3.

For instance, the following matrix has rank 3 but non-negative rank 4:

1100
01 10
4 = 0 011
1 0 0 1

The set of all s-tuples of rank 1 matrices whose sum is a fixed matrix in Mixt*(V)
is known as the space of explanations. We refer to [1] for an interesting study of
the topology of this space as well as a discussion of its statistical meaning. |

Now we are ready to describe two instances where mixtures arise in statistics.

Mixture models. The first family of models where a mixture arises are the dis-
crete mizture models. To describe this family, suppose that P C A,_; is a statis-
tical model for a random variable X with state space [r]. In the mixture model,
we assume that there is a hidden random variable Y with state space [s], and
that for each j € [s], the conditional distribution of X given Y = j is pl¥) € P.
Furthermore, the random variable Y has some probability distribution 7 € Ag_1.
Thus, the joint distribution of Y and X is given by the formula

P(Y=jX=i) = m;-p}.

However, we are assuming that Y is a hidden variable, so that we can only observe
the marginal distribution of X, which is

P(X=i) = Y m-p.
j=1
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In other words, the marginal distribution of X is the convex combination of the J
distributions p(, ..., p'*), with weights given by 7. The mixture model consists
of all probability distributions that can arise in this way.

Definition 4.1.3. Let P C A, _; be a statistical model. The s-th mizture model is
s . .
Mixt*(P) = {ijpm : me A, and p) € P for all j }
j=1

Mixture models provide a way to build complex models out of simpler mod-
els. The basic assumption is that the underlying population to be modeled is one
that can be split into r disjoint subpopulations. In each subpopulation, the un-
derlying observable random variable X follows a probability distribution from the
(simple) model P. However, upon marginalization, the structure of the probability
distribution is significantly more complex, because it is the convex combination of
these simple probability distributions.

We have already seen a number of mixture models in the preceding chapters.

Example 4.1.4 (Non-negative rank, revisited). The independence model Mx j vy
is the set of rank one probability matrices, so that Mx 1y = VN A,._1, where V
is the set of non-negative matrices of rank < 1 from Example Thus the s-th
mixture model Mixt®(Mx 1 y) is the set of probability matrices of non-negative
rank < s. As we argued in Example[£.1.2] this is a very complicated set if s > 2. [

Example 4.1.5 (The cheating coin flipper). To illustrate the discrepancy between
the complex algebraic geometry and semi-algebraic geometry inherent in these
mixture models, consider the model of the cheating coin flipper from Example
This is a mixture model with two hidden states of a binomial random variable
with four trials. To simplify our analysis, suppose that the number of hidden states
s is > 4, so that our model Mixt®*(V') is the convex hull of the monomial curve

V={(1-a)"4a(l —a)?6a*(1-a)’4a®(l—a),a’) : acl0, 1]}.

Among the semi-algebraic constraints of this convex hull are the conditions that
the following two Hankel matrices are positive semi-definite:

3p1 2p2 3p3 | =0

12pg 3p1 2p2
and (

3p1 2p2
= 0. 4.1.1
2p2 3p3) - (LD

2p2 3ps 12p4
We drew 1,000,000 random points according to a uniform distribution on the
probability simplex A4 and found that only 91,073 satisfied these semi-algebraic
constraints. Roughly speaking, the mixture model takes up only < 10% of the
probability simplex, whereas the secant variety Sec®(V) fills the simplex. We do
not know whether the linear matrix inequalities in suffice to characterize
the mixture model, so it is possible that the model takes up an even smaller
percentage of the probability simplex. O
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Among the most important discrete mixture models is the latent class model,
in which the underlying model P is the model of complete independence for m ran-
dom variables X7, X, ..., X,,. Here, complete independence Xl Xo 1l ... 1 X,,
means that the statement X 4 Il X5 holds for every partition AU B = [m]. A joint
distribution belongs to the model of complete independence if and only if

m

pi = H(p|{k}>lk forall i € R = H[Tj].
k=1 j=1

In other words, this model consists of all probability distributions that are rank
one tensors. Describing the mixture model of the complete independence model
amounts to supposing that X, Xo, ..., X,, are all conditionally independent, given
the hidden variable Y. Passing to the Zariski closure, we are left with the problem
of studying the secant varieties of the Segre varieties P71 =1 x ... x Prm—1,

Proposition 4.1.6. The mizture model Mixt®(Mx, ux,1 .1 x,,) consists of all
probability distributions of non-negative tensor rank less than or equal to s.

Given this interpretation as a conditional independence model with hidden
variables, the mixture model of complete independence is also a graphical model
with hidden variables (based on either a directed or an undirected graph). In the
directed case, the graph has the edges Y — X for all j.

There are many important algebraic problems about latent class models, the
solutions of which would be useful for statistical inference. By far the most basic,
but still unanswered, problem is to determine the dimensions of these models.
There has been much work on this problem, and in some situations, the dimensions
of the secant varieties are all known. For instance, if we only have two random
variables X; and Xy, then the secant varieties are the classical determinantal
varieties and their dimensions, and thus the dimensions of the mixture models,
are all known. However, already in the case m = 3, it is an open problem to
determine the dimensions of all the secant varieties, as s,r1, 79, and r3 vary.

Example 4.1.7 (Identifiability of mixture models). Consider the mixture model
Mixt? (M X, UL X5 x5) Where X7, X5, and X3 are binary. A simple parameter count
gives the expected dimension of the mixture model as 2 x 34+ 1=7=dimAg_;.
It is known, and the code below verifies, that this expected dimension is correct,
and the mixture model is a full dimensional subset of probability simplex.

The next natural question to ask is: Is the model identifiable? Equivalently,
given a probability distribution that belongs to the model, is it possible to re-
cover the parameters in the probability specification. The following Macaulay2
code shows that the mixing parameter (labeled ¢) can be recovered by solving a
quadratic equation in ¢ whose coefficients are polynomials in the p;;i. Note that
the coefficient of ¢? is precisely the hyperdeterminant, featured in Example m

S =QQl1, a,b,c,d,e,f,t];
R = QQlq,p111,p112,p121,p122,p211,p212,p221,p222];
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F = map(S,R,matrix{{

t*1,

tx (l*xaxbxc + (1-1)*d*xexf),

tx (1*xaxb*(1-c) + (1-1)*d*ex(1-f)),
tk(lxax(1-b)*c + (1-1)*d*(1-e)*f),
tx(1*a*x(1-b)*(1-c) + (1-1)*d*(1-e)*(1-f)),
tx(1x(1-a)*bxc + (1-1)*(1-d)*exf),
tx(1x(1-a)*b*(1-c) + (1-1)*(1-d)*ex(1-f)),
tx(1x(1-a)*(1-b)*c + (1-1)*(1-d)*(1-e)*f),
tx (1 (1-a)*(1-b)*(1-c) + (1-1)*(1-d)*(1-e)*(1-f))}I});
I = kernel F

The degree 2 that arises here shows the trivial non-identifiability called “pop-
ulation swapping” or “label switching” which amounts to the fact that in the
mixture model we cannot tell the two subpopulations apart. The two solutions to
this quadric will always be a pair A, 1 — . The quadratic equation in ¢ can also be
used to derive some nontrivial semi-algebraic constraints for this mixture model.
If there is a solution, it must be real, so the discriminant of this equation must
be positive. This condition describes the real secant variety. Other semi-algebraic
conditions arise by requiring that the two solutions lie in the interval [0, 1]. |

Example 4.1.8 (A secant variety with dimension defect). Consider the mixture
model Mith(Mxlj_LXQLXE}J_LXAI) where X1, X2, X3 and X4 are binary. The ex-
pected dimension of this model is 3 x 4 + 2 = 14, but it turns out that the true
dimension is only 13. Indeed, the secant variety Sec® (P* x P! x P! xP') is well-known
to be defective. It is described implicitly by the vanishing of the determinants of
the two 4 x 4 matrices:

Pi111 P12 Pii21 Pi1i122 P1111 P1112 Pi211 Pi212
Pi211 P1212 P1221  P1222 Pi121 P1122 Pi1221  P1222
P2111 P2112 P2121  P2122 P2111 P2112  P2211  P2212
DP2211  P2212  P2221  P2222 DP2121  P2122  P2221  P2222
and thus is a complete intersection of degree 16 in P'°. ]

Another problem, which is likely to require an even deeper investigation, is
to understand the singularities of these mixture models. The importance of the
singularities for statistical inference is a consequence of the following proposition.

Proposition 4.1.9. Suppose that Sec®(V') # aff (V'), affine hull of V. Then
Sec* ™! (V) C Sing(Sec*(V)).

Proof. If f is any non-zero polynomial in the vanishing ideal Z(Sec®(V')) C Clp],
then any first order partial derivative C%i belongs to the ideal Z(Sec® ' (V')). One
way to prove this result is based on prolongations [84]. This approach implies that
the Jacobian matrix associated to any generating set of Z(Sec®(V)) evaluated at
a point of Sec®* ! (V) is the zero matrix. O
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Thus the study of the behavior of the likelihood ratio test statistic, as in Sec-
tion for hypothesis testing with respect to the models Mixt*~!(P) ¢ Mixt*(P)
will require a careful analysis of the singularities of these secant varieties.

Phylogenetic models. Another important family of statistical models involving
mixtures, and thus secant varieties, arises in phylogenetics (see [46] 83] for book-
length introductions to this area). Phylogenetic models are graphical models with
hidden variables that are defined over trees. The nodes in the tree correspond to a
site in aligned DNA sequences of several species. The leaves of the trees represent
species that are alive today and whose DNA is available for analysis. Internal nodes
in the tree correspond to extinct ancestral species whose DNA is not available.
Thus, all internal nodes of the tree correspond to hidden random variables.

Typically, we assume that each discrete random variable represented in the
tree has the same number of states . When working with the nucleotides directly,
this number is 4. If we compress our DNA consideration to only look at mutations
across the purine/pyrimidine divide, then each random variable would have only
two states. Going to the other extreme, if we consider regions of DNA that code for
proteins, we could group the DNA into codons that correspond to one of twenty
amino acids. Here we will focus primarily on the case of either r = 2 or r = 4.

A particular phylogenetic model is specified by placing restrictions on the
transition matrices that can be used on the edges in the tree. A transition matrix
contains the conditional probabilities for a random variable given its (unique)
parent variable in the tree. The largest possible model, allowing the biggest possible
class of transition structures, is known as the general Markov model. In the general
Markov model, the transition matrices are unconstrained except that they should
actually contain valid conditional probabilities. However, one often also considers
other classes of models that are submodels of the general Markov model.

One of the basic problems of phylogenetic algebraic geometry is to determine
the vanishing ideals of phylogenetic models. Given a tree T', and particular choice
of transition structure, we get a rational map ¢ from a low dimensional parameter
space (the space of all suitably structured transition matrices) into the high dimen-
sional probability simplex containing the probability distributions for the random
variables at the m leaves. The image of this map im(¢7) is a semi-algebraic set in
Apm_1, and we would like to determine its vanishing ideal I7 = Z(im(¢r)) C R]p).

A fundamental result of Draisma and Kuttler says that for “reasonable” al-
gebraic phylogenetic models, the problem of determining a generating set of the
phylogenetic ideals I for an arbitrary tree T can be reduced, via a combinatorial
procedure, to very small trees. We here do not offer a formal definition of what
“reasonable” means but refer to [36] instead. Let K7 ,, denote the complete bipar-
tite graph with one hidden node and m observed nodes. These graphs are often
called claws.

Theorem 4.1.10 (Draisma-Kuttler [36]). Given a “reasonable” phylogenetic model,
there is an explicit combinatorial procedure to build generators for the phylogenetic
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ideal It from the generators of the phylogenetic ideal I, ,, , where m is the largest
degree of a vertex in T.

For the rest of this section, we focus exclusively on the case of phylogenetic
models on claw trees. For many classes of transition matrices used in phylogenetics,
the algebraic varieties corresponding to claws are secant varieties of toric varieties.

There are three important situations to which the Draisma-Kuttler theorem
applies. First, and most classically, is the class of group-based phylogenetic models.
After applying the Fourier transform, these models decompose into simple cases
of claw trees. We assume that the underlying trees are bifurcating (or trivalent or
binary, depending on the reference), in which case we only need to understand the
model for three-leaf claw trees. The vanishing ideal for three-leaf claw trees can be
determined by a computation, first carried out in [89]. We refer the reader to this
paper for the details on group based models, and the resulting toric structure.

The next important case where the Draisma-Kuttler theorem is applicable
is the general Markov model mentioned above. See also [3] and [73, §19.1]. To
solve the case of bifurcating trees, we must again determine the vanishing ideal
for the three-leaf claw tree. If there are r states for the random variables, we must
determine the vanishing ideal of the parametrization

2 2 2 3
¢:R"xR" xR" xR" — R"

(W,A,B,C) = ZW1A1®BZ®01 .

i=1

In phylogenetic models, the root distribution parameter = is in the simplex A, _1.
For each fixed value ¢ € [r], the tensor A;. ® B;. ® C;. = (ai;bikcy) has rank one,
and hence belongs to the model of complete independence M x, 11 x, 1 x5-

Proposition 4.1.11. The general Markov model on a three leaf claw tree for r states
1s the same family of probability distributions as the mizture model

Mixt" (MXlJLXgJ.LXs)

where each X; has r states. The projectivized Zariski closure of the model is the
secant variety
Sec” (P! x PT1 x PrY).

The secant variety Sec? (P! x P! x P!) fills all of projective space P7; recall
Example Therefore, the vanishing ideal of the general Markov model on a
bifurcating tree with binary states can be described very explicitly:

Theorem 4.1.12. Let T be a bifurcating tree, and let each random variable be binary
(r = 2). Then the phylogenetic ideal I7 for the general Markov model is generated
by the 3 x 3 minors of all flattenings of the table (p;,. ;) that come from splits in
the tree T'.
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Figure 4.1.1: Bifurcating tree.

Proof. This was conjectured in [50, §7] and proved in [5] and in [65]. The Draisma-
Kuttler theorem [36] can be regarded as a generalization of this statement. |

Example 4.1.13. Let T be the bifurcating tree with five leaves in Figure Let

Pi1111 Piiii2 Pii121 Pi1i122 Pii211 Pii212 Pii221r Pii222
Pi12111  Pi12112  Pi12121  Pi12122 Pi12211  P12212  Pi12221  P12222
P21111 P21112  P21121 P21122  P21211  P21212  P21221  P21222
DP22111 P22112  P22121  P22122  P22211  P22212  P22221 P22222

Pioj34s =

and

P1i111 P1i112 Piri121 Pi1i122
P11211  P1i1212  Pi1i1221  Pi1i1222
Pi12111  P12112  Pi12121  Pi12122
DP12211  P12212  P12221  P12222
DP21111 P21112  P21121  P21122
P21211  P21212  P21221  P21222
P22111  P22112  P22121  P22122
P22211  P22212  P22221  P22222

Piozpas =

These two matrices correspond to the two non-trivial splits of the tree T. The
phylogenetic ideal for r = 2 is generated by all 3 x 3 minors of the two matrices. [

For r = 3, there is also an explicit description in the case of bifurcating trees,
which follows from Theorem [1.1.10]and [66]. However, for the most interesting case
of DNA sequences (r = 4), it is still an open problem to describe the generating
sets of these ideals. It is known that certain polynomials of degrees 5, 6, and 9 are
needed as generators, but it is unknown whether these polynomials suffice [65], [88].

Another case where an interesting secant variety appears is the strand sym-
metric model (see Chapter 16 in [73]). In this model, we make restrictive assump-
tions on the allowable transition matrices. The restrictions are based on the fact



104 Chapter 4. Hidden Variables

that DNA is double-stranded, and the strands always form base pairs. In partic-
ular, A is always paired with T and C is always paired with G. The base pairing
of the double stranded DNA sequence means that a mutation on one strand will
always force a balancing mutation on the opposite strand. We infer the following
equalities between entries in a transition matrix in the strand symmetric model:

0aa =07, Oac = Or¢,
Oac = O7c, Oar = Ora,
bca = Oar, fcc = baa,
fcc = Oac, Oor = Oca.

Rearranging the rows and columns of the constrained transition matrix 6, we see
that it has the block form:

a f Oaa Bac Oar Bac
0= where o = , = .

(5 Oé) (9GA [Jee’ p Ocr Oac
Furthermore, the strand symmetric assumption implies that the root distribution
should satisfy the relationship w4 = mp and ¢ = 7wg. This block form implies
that it is possible to use a Fourier transform to simplify the parametrization. In

the Fourier coordinates, the underlying algebraic variety of the strand symmetric
model has a simple combinatorial structure.

Definition 4.1.14. Let ¢ : Pt —1 x Pr2—1 x Prs—1 — Pm1727s~1 be the rational map

g | asbje, ifi+j+ ks even
91,6, ) = { 0 if i + j + k is odd.

The image of ¢ is the checkerboard Segre variety:
Segz, (P™* 1 x Pr271 x Poh),

The checkerboard Segre variety is a toric variety, and its vanishing ideal is
generated by quadrics. Its secant varieties arise as the Zariski closure of the strand
symmetric model.

Proposition 4.1.15 ([73, Chap. 16]). The projectivized Zariski closure of the strand
symmetric model for DNA sequences on the 3-leaf claw tree is the secant variety
of the checkboard Segre variety:

Sec?(Segy, (P? x P x P?)).

While some of the equations in the ideal of this secant variety are known (in
particular, equations of degree 3 and 4), it is still an open problem to compute its
prime ideal. Once this problem has been solved, we could apply Theorem
to recover all equations for the strand symmetric model on any trivalent tree.
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Figure 4.2.1: Directed acyclic graph for the factor analysis model F5 2.

4.2 Factor Analysis

Let X4,...,X,, be a collection of continuous random variables that represent
a randomly selected individual’s performance when solving m math problems.
It is natural to expect the individual to do well (or poorly) in most tasks pro-
vided he/she has (or does not have) a talent for the type of considered problems.
Therefore, if the population the individual is selected from indeed exhibits vary-
ing mathematical talent, then the random variables X, ..., X, will be dependent.
However, one might expect the variables X7, ..., X, to be independent if the ran-
dom selection of an individual occurs conditionally on a fixed talent level.
Situations of the type just described are the subject of factor analysis, where
notions such as mathematical talent are quantified using one or more hidden vari-
ables Hy, ..., H,. The hidden variables are termed factors and we assume through-
out that their number is smaller than the number of observed variables, that is,
s < m. The factor analysis model F,, s for the joint distribution of X1,..., X,
assumes that the random vector (Xi,...,X,,, Hy,..., Hy) follows a joint multi-
variate normal distribution with a positive definite covariance matrix such that

XU Xoll .. UL X, |(Hy,... H). (4.2.1)

Display (4.2.1) refers to complete conditional independence of X1, ..., X,, given
Hiy, ..., Hg, that is,

XalXp|(Hy,...,H,) for all partitions (A, B) of [m]. (4.2.2)
Having assumed a joint multivariate normal distribution, (4.2.2)) is equivalent to
X,LJ_Lle(Hl,,HS) f0r1§2<]§8 (423)

This equivalence is false for discrete random variables. We remark that the model
Fm,s is a graphical model with hidden variables based on a directed acyclic graph
that is complete bipartite with edges pointing from the hidden to the observed
variables; recall Section The graph for Fs 5 is shown in Figure [£.2.1]

We start out by deriving the following parametric model representation from
the determinantal implicit description given in (4.2.1]) and (4.2.3]).
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Proposition 4.2.1. The factor analysis model F,, s is the family of multivariate
normal distributions Ny, (11, 2) on R™ whose mean vector u is an arbitrary vector
in R™ and whose covariance matriz ¥ lies in the (non-convex) cone

Fps = {Q+AAT € R™™ : Q= 0 diagonal, A € R™*%}
= {Q+ T eR™™ : Q> 0diagonal, ¥ = 0 symmetric, rank(¥) < s}.

Here the notation A > 0 means that A is a positive definite matrix, and
similarly A > 0 means that A is a positive semi-definite matrix.

Proof. Consider the joint covariance matrix of hidden and observed variables,

cov@) _ (AET g) (4.2.4)

Using Definition [3.1.14] the conditional independence relations (4.2.3]) translate
into the vanishing of the following (s + 1) X (s + 1)-determinants

oy N _
det(/\i q>> = det(®) (05 — Ap® 'AL) = 0. (4.2.5)

Here we assume i # j. Since det(®) > 0, implies that the positive definite
Schur complement Q = ¥ — A®~'A7 is diagonal. By Cholesky decomposition of
&1, the covariance matrix ¥ = Q+ A®~1AT for the observed variables is seen to
be in F}, s, and all matrices in F;,, ; can be obtained in this fashion. O

In what follows we identify the factor analysis model F, s with its parameter
space F,, ;. By Proposition [£.2.T} the semi-algebraic set F},, ; can be parametrized
by the polynomial map with coordinates

o = wii + Lpmy Ny i =7, (4.2.6)
Y S iy if i < j,

where w; > 0 and A;; € R. Note that this parametrization can also be derived
from Proposition

The dimension d = dim(F,, s) of the model F, s is equal to the maximal
rank of the Jacobian matrix of the parametrization . The codimension of
Frs is (mjl) — d. The following result appears in [40, Thm. 2].

Theorem 4.2.2. The dimension and the codimension of the factor analysis model

i) =i oo+ - (3). ("3 )
codim(F,, ;) = max { (m2 s) —s, o} .
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From (4.2.6) it is evident that a matrix X is in F}, s if and only if it is the sum
of s matrices in Fy, ;. The sets F;, s being cones, the latter holds if and only if ¥
is a convex combination of matrices in F, ;. We observe the following structure.

Remark 4.2.3. In factor analysis, Fy, s = Mixt®(Fp,,1), and the Zariski closure of
F., s is the s-th secant variety of the Zariski closure of Fi, 1.

Such secant structure also arises in other Gaussian graphical models with
hidden variables [92], §7.3]. For factor analysis, it implies that the singular locus
of the factor analysis model with s factors contains the model with s — 1 factors;
recall Proposition Therefore, the statistical estimation of the number of
hidden factors presents a non-standard problem. It should be noted, however,
that F,, 1 already has singularities in the cone of positive definite matrices, and
that F,, s contains positive definite singularities outside F,, s_1. The occurrence
of singularities is related to the identifiability issues discussed in [6].

In the remainder of this section we will be interested in polynomial relations
among the entries of a factor analysis covariance matrix X € F;,, ;. Let

Ims = {f€R[oy, i<j] : f(£)=0 forall &€ F,} (4.2.7)

be the ideal of these relations. The ideal I, ¢ contains much useful information
about the geometry of the model. But relations in I,,, s can also serve as closed-form
test statistics for what are commonly termed Wald tests. The next proposition
follows from the asymptotic normality of the sample covariance matrix S and an
application of the delta-method, which refers to using a Taylor-expansion in order
to derive the asymptotic distribution of a transformation of S; compare [40] §3].

Proposition 4.2.4. Let S be the sample covariance matriz based on an n-sample
drawn from a distribution N (u,X) in Fps. Let f € Ly s and Vars[f(S)] the
variance of sample evaluation. If V f(X) # 0 and n — oo, then

f(5)2 L 2
Vars[f(9)] X

Here V f denotes the gradient of the polynomial function f. The convergence
in distribution in Proposition justifies (asymptotic) p-value calculations. As
stated the convergence result is most useful for hypersurfaces but it can be gen-
eralized to the case where several polynomials in I,,, s are considered. It should
be noted, however, that the validity of the y2-asymptotics is connected to the
smoothness of the set Fy, ;.

As we will see next, the (s+1) x (s+1)-minors of ¥ will play a particular role
for the factor analysis ideal I,,, ;. Their sampling variance and covariance structure
is derived in [39]. Since membership in the Zariski closure of F,, s depends only
on the off-diagonal entries of the matrix ¥, the ideal I, s can be computed by
elimination of the diagonal entries o;;:
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Proposition 4.2.5 ([40, Thm. 7]). Let M,, s C R[o;;, i < j| be the ideal generated
by all (s + 1) x (s + 1)-minors of a symmetric matriz X € R™*™. Then

Im7s = Mm,s N R[Uij, 7 < ]}

If the symmetric matrix X € R™>*™ is of size m > 2(s + 1), then it contains
(s +1) x (s + 1)-minors in Rloyj, ¢ < j]. Such off-diagonal minors are clearly
in I, ;. Each off-diagonal minor det(X4 p) is derived from two disjoint subset
A, B C [m] of equal cardinality s 4+ 1, and thus, up to sign change, there are

2 (o) (05))

Example 4.2.6 (Tetrad). Up to sign change, the matrix

off-diagonal minors.

011 012 013 014
o 012 022 023 024
013 023 033 034
014 024 034 044

contains three off-diagonal 2 x 2-minors, namely
012034 — 013024, 014023 — 013024, 012034 — 014023. (4.2.8)

In the statistical literature these minors are known as tetrads or tetrad differences,
as they arise in the one-factor model with four observed variables [55]. The three
tetrads in are algebraically dependent: the third tetrad is the difference of
the first and the second tetrad. In fact, the first and second tetrad generate the
entire ideal I4 1, as can be verified using the following computation in Singular:

LIB "elim.lib";
ring R = 0,(s11,s22,s33,s44, s12,s23,s34,s14, s13,s24),1p;
matrix S[4][4] = s11,s12,s13,s14,
s12,s22,s23,s24,
s13,s23,s33,s34,
sl14,s24,s34,s44,;
ideal M41 = minor(S,2);
eliminate(M41,s11%s22%533*s44) ;

The command eliminate computes the intersection My; N Rloy;, 7 < j] in
Proposition and thus (a finite generating set of) the ideal Iy ;. O

The ideal structure encountered in Example [1.2.6| generalizes to larger models
with s = 1 factor. Any four indices i < j < k < £ in [m] define a 4 x 4-principal
submatrix of 3 from which we can extract two algebraically independent tetrads.
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Choosing these two tetrads in the way the first two tetrads in (4.2.8)) were obtained,
we create the 2('}) tetrads

T = {0ijore — oir0je, oo —oiroje | 1 <i<j <k <{<m}.

As described in [30], the underlined terms are the leading terms with respect to
certain circular monomial orders on R[o;;, ¢ < j]. Let

d(i,j) =min{ (i —j mod m), (j —¢ mod m)}

be the circular distance of two indices ¢, j € [m]. Under a circular monomial order,
oij = op if d(i,7) < d(k,1). One example of a circular monomial order is the
lexicographic order that was used in the Singular code in Example [£.2.6]

Theorem 4.2.7 ([30, Thm. 2.1)). If m < 3 the ideal I,,, 1 is the zero ideal. If m > 4,
the set T, is the reduced Grobner basis of the ideal I, 1 with respect to a circular
monomial order.

Example 4.2.8 (Pentad). If m =5 and s = 2, then there are no off-diagonal 3 x 3-
minors in I5 2. Nevertheless, Theorem [£.2.2] informs us that F5 o has codimension
1, that is, it is a hypersurface in the space of symmetric 5 x 5-matrices. Adapting
the Singular code presented in Example we can compute this hypersurface.
We find that the ideal I5 5 is generated by the irreducible polynomial

012013024035045 — 012013025034045 — 012014023035045 + 012014025034035
+012015023034045 — 012015024034035 + 013014023025045 — 013014024025035

—013015023024045 + 013015024025034 — 014015023025034 + 014015023024035.

This polynomial is referred to as the pentad in the statistical literature. It was first
derived in the 1930’s by Kelley [64].

Why is the pentad in I5 27 We can argue this by selecting two 3 x 3-minors
that both involve exactly one element of the diagonal of 3. For instance, consider
the {1,2,3} x {3,4,5} and the {2,3,4} x {1,3,5}-minors. We can expand these
determinants as

det (21237345) = 033 - all(E) + alo(Z), (4.2.9&)
det (Y234,135) = 033 - a21(X) + a2 (%), (4.2.9b)

where ag1 and ago are quadratic and cubic polynomials in R[oy;, 7 < j], respec-
tively. Setting the minors in and equal to zero we obtain two
equations, which we view as linear equations in the unknown o33 with coefficients
ag;- Now recall that Proposition [4.2.1| states that a positive definite matrix X is in
F,, s if and only if we can create a matrix of rank s by subtracting positive reals
from the diagonal of . Therefore, if the coefficients ay; are derived from a matrix
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¥ € Fj 2, then the two equations given by (4.2.9a]) and (4.2.9b)) have a solution in
033. This requires the following determinant to vanish:

a(¥) an(¥)\ _
det (QQE(E) a21(2)> = 0. (4.2.10)

Plugging the original quadratic and cubic coefficient polynomials ax; € Rloy;, ¢ <
Jj] from (4.2.9a)) and (4.2.9b)) into (4.2.10) we obtain a quintic polynomial in I5 5.
Upon expansion of the determinant, this polynomial is seen to be the pentad. [

The reasoning leading to can be generalized. Suppose m and s are
such that the codimension of F,, s is positive and m > 2(s+1) —k for some k > 1.
Then we can select a set of k indices D = {d;...,dr} C [m] and k + 1 many
(s +1) x (s 4+ 1)-minors that all involve the diagonal entries o;;, ¢ € D, but no
other diagonal entries. The expansion of the minors yields a system of k£ + 1 mul-
tilinear equations in the k£ unknowns o;;, ¢ € D. The other terms in the expansion
are treated as coefficients for the equations. If these coefficients are derived from
a matrix ¥ € Fy, s then the multilinear equation system has a solution. It can be
shown that this requires an irreducible polynomial in the coefficients of the sys-
tem to vanish; compare [40, §6]. This polynomial is known as the k-th multilinear
resultant. The determinant in is the multilinear resultant for £ = 1. Mul-
tilinear resultants can be employed to compute polynomials in I,,, s in the same
way as the determinant in yields the pentad. In [40], this approach was
used in particular to show that the Zariski closure of Fy 5 is a hypersurface defined
by an irreducible homogeneous polynomial of degree 54.

Let us now return to the ideals I,,, s for s = 2 factors. We have encountered
two types of polynomials in I, 2, namely, off-diagonal 3 x 3-minors and the pentad
of degree 5. In Example we have seen that the pentad generates I5 . The
Grébner basis computation underlying this result is also feasible for larger models.
The following conjecture can be verified computationally for small to moderate m.
It holds at least for m < 9.

Conjecture 4.2.9. The ideal of the two-factor model, I, 2, is minimally generated
by 5(7(?) off-diagonal 3 x 3-minors and (?) pentads.

A Grobner basis for I, o is described in [93]. This Grébuner basis contains the
conjectured minimal generating set but also additional polynomials of every odd
degree between 3 and m. We refer to [40, Conjecture 28] for a specific conjecture
about the case of s = 3 factors, based on various computational experiments.

We close this section by commenting on a particular symmetry structure

[m]

in factor analysis models. Let (') be the set of all subsets A C [m] that have
cardinality k. If A € ([’;':])7 then we write I4 s to denote the ideal Ij ; when the
entries of the submatrix ¥4 4 are used as indeterminates. In Theorem we
have seen that if m > 4 then a generating set of the ideal I,,,;; can be obtained
by taking the union of generating sets of the ideals I4,; for subsets A & ([T]).
Similarly, if m > 6, then the generating set for I,,, » proposed in Conjectureis
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composed of generating sets of the ideals 14 5 for A € (“g]). This raises the question
whether such finiteness up to symmetry holds more generally; see Problem 7.8.
A positive answer to this question would be important for statistical practice, as
a statistical test of the model F,, s for large m could be carried out by testing
lower-dimensional models F4 s for an appropriately chosen set of margins A C [m)].
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Chapter 5

Bayesian Integrals

A key player in Bayesian statistics is the integrated likelihood function of a model
for given data. The integral, also known as the marginal likelihood, is taken over
the model’s parameter space with respect to a measure that quantifies prior belief.
While Chapter 2 was concerned with maximizing the likelihood function, we now
seek to integrate that same function. This chapter aims to show how algebraic
methods can be applied to various aspects of this problem. Section 5.1 discusses
asymptotics of Bayesian integrals for large sample size, while Section 5.2 concerns
exact evaluation of integrals for small sample size.

5.1 Information Criteria and Asymptotics

We fix a statistical model Po = {Py : 0 € O} with parameter space © C R*.
Consider a sample of independent random vectors,

XD XM P, (5.1.1)

drawn from an (unknown) true distribution Py, where 6y € ©. We say that a
submodel given by a subset ©¢ C © is true if 6y € Og.

In this section we discuss the model selection problem, that is, using the
information provided by the sample in , we wish to find the “simplest” true
model from a finite family of competing submodels associated with the sets

©1,0,,...,0) C ©. (5.1.2)

In the spirit of algebraic statistics, we assume the sets in to be semi-
algebraic (recall Deﬁnition. Moreover, as in previous sections we assume that
the distributions Py have densities py(z) with respect to some common dominating
measure. In order to emphasize the role of the underlying observations, we denote
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the likelihood and log-likelihood function as
L0 XM, ., xM) = T]pe(XD). (5.1.3)
i=1

and £,(0| XM, ..., XM =log L,(0| XM, ... X)) respectively.
Our approach to selecting true models among (5.1.2) is to search for models
for which the maximized log-likelihood function

0n(i) = sup £,(0] XM, ..., x™) (5.1.4)
6cO;

is large. Of course, evaluating the quantity requires solving the maximum
likelihood estimation problem in Chapter 2. However, this methodology is not yet
satisfactory since mere maximization of the log-likelihood function does not take
into account differences in model complexity. In particular, ©®; C ©5 implies that
(1) < £,(2). Information criteria provide a more refined approach.

Definition 5.1.1. The information criterion associated with a family of penalty
functions 7, : [M] — R assigns the score

Tn(i) = gn(Z) — 5 (4)
to the i-th model, i =1,..., M.

The following are two classical examples of information criteria. Both measure
model complexity in terms of dimension.

Example 5.1.2. The Akaike information criterion (AIC) due to [2] uses the penalty
(i) = dim(0;). The Bayesian information criterion (BIC) introduced in [82]

uses the penalty 7, (i) = =5 log(n). O

A score-based model search using an information criterion 7, selects the
model for which 7, (¢) is maximal. This approach has the consistency property in
Theorem [5.1.3] This result is formulated in terms of regular exponential families.
These were featured in Definition As in Section the details of the
definition of this class of statistical models are not of importance here. It suffices
to note that the class comprises very well-behaved models such as the family of
all multivariate normal distributions and the interior of a probability simplex.

Theorem 5.1.3 (Consistency). Consider a regular exponential family {Pp : 6 € O}.

Let ©1,05 C © be arbitrary sets. Denote the ordinary closure of ©1 by ©1.

(i) Suppose 0y € ©Oo \ O1. If the penalty functions are chosen such that the
sequence |7, (2) — m,(1)|/n converges to zero as n — oo, then

Pa, (1(1) < 7,(2)) =2 1.
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(#i) Suppose 0y € ©1 N Oq. If the sequence of differences 7, (1) — m,(2) diverges
to oo as n — oo, then

Py, (T (1) < 7(2)) =37 1.

For a proof of Theorem see [56], Prop. 1.2]. Note that in [56] the result
is stated for the case where ®; and ©s are smooth manifolds but this property is
not used in the proof. In algebraic statistics, ©; and ©5 will be semi-algebraic.

While the penalty for the AIC satisfies condition (i) but not (ii) in Theo-
rem it is straightforward to choose penalty functions that satisfy both (i)
and (ii). For instance, the BIC penalty has this property. The original motivation
for the BIC, however, is based on a connection to Bayesian model determination.

In the Bayesian approach we regard the data-generating distributions Py to
be conditional distributions given the considered model being true and given the
value of the parameter 6. In our setup, we thus assume that, given the i-th model
and a parameter value # € ©;, the observations XM, ..., X are independent and
identically distributed according to Py. We then express our (subjective) beliefs
about the considered scenario by specifying a prior distribution over models and
parameters. To this end, we choose a prior probability P(0©;), i € [M], for each
of the competing models given by . And given the i-th model, we specify a
(conditional) prior distribution @; for the parameter 6 € ©;.

After data are collected, statistical inference proceeds conditionally on the
data. Being interested in model selection, we compute the posterior probability of
the i-th model, namely, the conditional probability

PO;| XM, ..., x™) mP(@i)/ Lo(0| XD X™))dQ, (). (5.1.5)

i

Here we omitted the normalizing constant obtained by summing up the right
hand sides for i = 1,..., M. The difficulty in computing is the evaluation
of the integrated likelihood function, also known as marginal likelihood integral, or
marginal likelihood for short. Integrals of this type are the topic of this chapter.

In typical applications, each set ©; is given parametrically as the image of
some map ¢; : RY — R and the prior Q; is specified via a distribution with
Lebesgue density p;(y) on R?. Suppressing the index 4 distinguishing between
models, the marginal likelihood takes the form

pXD LX) = [ L o) | X0 X O)p(0) dy (5.1.60)

= /RdeXp{En(g(v)IX“),u-,X(”))}p(v) dy.  (5.1.6b)

Example 5.1.4. Let XV, ... X be independent N(0, Id},) random vectors, 6 €
RE. In Example we wrote the log-likelihood function of this model in terms
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of the sample mean X,,. Plugging the expression into (5.1.6b)) we see that the
marginal likelihood is

p(X W, x ) = ((;T)k>ne><p{ - ;z": | X ® —anlg}x
/Rd eXp{ - %ll)_{n - g(v)ll%}p(v) dy. (5.1.7)

Note that the factor
1 " 1 < N
—— ) exp{ — - xX® _x, 2} 5.1.8
(7o) {32! 3 6.19)

is the maximized value of the likelihood function for 6 € R*. O

In Section we discuss exact symbolic evaluation of marginal likelihood
integrals in discrete models. In the present section, we will focus on the asymptotic
behavior of integrals such as when the sample size n is large. These allow one
to approximate Bayesian model selection procedures. In particular, Theorem [5.1.5
below clarifies the connection between posterior model probabilities and the BIC.

For an asymptotic study, we shift back to the non-Bayesian setting of ,
in which we view the observations as drawn from some fixed unknown true distri-
bution Py,. In particular, we treat the marginal likelihood in as a sequence
of random variables indexed by the sample size n and study its limiting behavior.
Recall that a sequence of random variables (R,,) is bounded in probability if for all
€ > 0 there exists a constant M. such that P(|R,| > M.) < e for all n. We use
the notation O, (1) for this property.

Theorem 5.1.5 (Laplace approximation). Let {Py : 6 € ©} be a reqular exponential
family with © C R*. Consider an open set I' C R? and a smooth injective map
g : T — RF that has continuous inverse on g(T') C ©. Let 6y = g(70) be the true
parameter, and assume that the Jacobian of g has full rank at vo and that the prior
density p(vy) is a smooth function that is positive in a neighborhood of vo. Then

log (XM, .. XMy = 7, — glog(n) + 0,(1),

where
by = sup £y, (9(7) | xX® ,X(”)).
veT

This theorem is proven in [56, Thm. 2.3], where a more refined expansion
gives a remainder that is bounded in probability when multiplied by +/n.

Theorem [5.1.5 shows that model selection using the BIC approximates a
Bayesian procedure seeking the model with highest posterior probability. However,
this approximation is only true for smooth models as we show in the next example.
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Example 5.1.6 (Cuspidal cubic). Let XM ... X be independent N(6, Id},)
random vectors with k& = 2. Following Example 2.3.6] we consider the cuspidal
cubic model given by the parametrization g(v) = (7v2,7%), v € R. Let X,, =
(Xml, X,.2) be the sample mean. By , evaluation of the marginal likelihood
w(XD . X (™) requires the computation of the integral

A = [ e { = B~ g)IE} ) (5.9)

= /00 eXp{ — %[(\/73'72 — \/ﬁXn,l)z + (\/ﬁ’yg — \/ﬁXnQ)S]}p(V) dry.

— 00

If the true parameter 8y = g(o) is non-zero, that is, v9 # 0, then Theorem
applies with d = 1. If, however, 8y = g(0) = 0, then we find a different asymptotic
behavior of the marginal likelihood. Changing variables to 7 = n'/4y we obtain

A) = [

— 00

exp { - %[(72 — VXn)+
(o~ V%) Vo () ¢, (5.110)

By the central limit theorem, the independent sequences v/nX, 1 and v/nX, o
each converge to the (0, 1) distribution. Therefore, if Z; and Z, are independent
N(0,1) random variables, then

n'4u(x,) = /:)O exp{ - %[(72 — 7)) + Zg]}p(()) dy. (5.1.11)

Since convergence in distribution implies boundedness in probability, we obtain

= 1
log i(X,) = —Zlog(n) + O,(1).
It follows that
- 1
log (XMW ... XMy = 7, — 7 108(n) + 0p(1) (5.1.12)

if §p = 0. Note that /,, refers to the maximized log-likelihood function in the
cuspidal cubic model. However, the difference between ?,, and the factor in
is bounded in probability because it is equal to 1/2 times a likelihood ratio statistic
and thus converges in distribution according to Theorem O

The rates of convergence we computed in Example [5.1.6 have an interesting
feature. If we replace the sample mean X,, in (5.1.9)) by its expectation, which is
the point 8y = g(7p) on the cuspidal cubic, then we obtain the integral

o) = [ ew{ = Flabw) B} . (5113
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This is a deterministic Laplace integral. If 8y # 0, then the asymptotics of ((5.1.13|)
can be determined using the classical Laplace approximation [I0I], p. 495] as fol-
lows:

1
log i(6y) = félog(n) +O0(1). (5.1.14)
If 6y = 0 then (5.1.10) implies
1
log i(6y) = leog(n) +O0(1). (5.1.15)

This suggests that the asymptotic behavior of the marginal likelihood can be de-
termined by studying the integral obtained by replacing the log-likelihood function
in (5.1.6b)) by its expectation under Pp,. This deterministic integral is equal to

11(6o) = /Rd exp{nlo(g(7))} p(v) dv, (5.1.16)

where £y (0) = E[log pg(X)] for X ~ Py,. The function £y(6) for discrete models is
obtained easily by writing log pp(X) as in Example In the Gaussian case,
£o(0) can be found using that E[X] = uo and E[XXT] = g + poud , where po
and ¥y are the mean vector and covariance matrix determined by 6.

The following result shows that what we observed in the example is true
more generally.

Theorem 5.1.7. Let {Py : 6 € ©} be a regular exponential family with © C RF.
Consider an open set I' C R and a polynomial map g : T' — ©. Let 6y = g(7o)
be the true parameter. Assume that g=1(0g) is a compact set and that the prior
density p(v) is a smooth function on T that is positive on g~1(0y). Then

where the rational number q € (0,d/2] N Q and the integer s € [d] satisfy that
log pu(0o) = nlo(0o) — qlog(n) + (s — 1) loglog(n) + O(1).

This and more general theorems are proven in the forthcoming book by Sumio
Watanabe [98], which also gives an introduction to methods for computing the
learning coefficient ¢ and the multiplicity s in Theorem [5.1.7] These techniques
are based on resolution of singularities in algebraic geometry. They have been
applied to various mixture and hidden variable models; see e.g. [80} 102, [T03], [104].

Example 5.1.8 (Reduced rank regression). Let (Xi,...,Xp) ~ N (0, %) be a multi-
variate normal random vector with mean zero, and consider a partition AUB = [m)
of the index set [m]. As mentioned in the proof of Proposition the condi-
tional distribution of X 4 given Xp = xp is the multivariate normal distribution

N(Za8E5 528, %44 —Sa 855 558.4).
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Reduced rank regression is a Gaussian model in which the matriz of regression
coefficients Y4, 32513 has low rank. In some instances, the requirement that the
rank is at most h eipresses the conditional independence of X4 and Xp given h
hidden variables.

Let a = #A and b = #B and consider parametrizing ZA’BEE,’IB as

gh Raxh % beh N RaXb,
(o, B) = af”.

The asymptotics of marginal likelihood integrals associated with this parametriza-
tion of reduced rank regression models were studied in a paper by Aoyagi and
Watanabe [IT]. The problem at the core of this work is to determine the asymp-
totics of integrals of the form

[ exp {-nlad” — 0sFI13} s ) dords, 5.017)

where ag € R"*® and 3y € R®*" are the true parameters. Since the preimages
gy 1(6y) are not always compact, it is assumed in [T1] that the prior density p(a, )
has compact support Q and is positive at («g, o). Then the learning coefficient
and associated multiplicity are derived for arbitrary values of a, b and h.

We illustrate here the case of rank h = 1. We assume that @ > b > 1. If both
ap € R® and £y € R are non-zero, then g; ' (aoBY) = {(o, B) : af” = apBl} is
a one-dimensional smooth manifold, and the Jacobian of g; achieves its maximal
rank a + b — 1 at (g, Bp). Therefore, in a neighborhood of g1 (v, o), the image
of g1 is an a + b — 1 dimensional smooth manifold. It follows from Theorem [5.1.5]
that the learning coefficient is ¢ = (e + b — 1)/2 and the multiplicity is s = 1.

The non-standard singular case occurs if ag = 0 or By = 0, in which case
g1(o, Bo) = 0. As explained, for example, in the book by Watanabe [98] and his
paper [97], the negated learning coefficient g is the largest pole of the zeta function.
The zeta function is the meromorphic continuation of the function

A= [ (a8~ aof 18)" pla 5) dads =
/(O‘%Jr"'*ai)k(5f+~~+6§)kp(a,6) dovd

from the set of complex numbers A with Re(A) > 0 to the entire complex plane.
The multiplicity s is the order of this pole.

Let Q. = Qn{(a, 8) : ||aB||3 < &} for small € > 0. Outside 2. the integrand
in is bounded away from its maximum, and the asymptotic behavior of
the integral remains unchanged if we restrict the integration domain to €2.. We can
cover . by small neighborhoods U(c/, 3’) around the singularities (o/, 3") with
o’ =0 or 3 = 0. The learning coefficient ¢ and the multiplicity s are determined
by the most complicated singularity of gy, which is at the origin (a/,8") = 0.
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The resulting mathematical problem is to determine the poles of the integral
A A
/( ) (f+-+a2) B+ +8) pla, B) dadp. (5.1.18)
U(0,0

This can be done using blow-up transformations. Here, we use the transformation

!

; forallj=2... a.

(05] :O/l, ozj:o/loz

This map is a bijection for a; # 0, and it transforms the integral in (5.1.18]) to
A A ae
/ a%A(l_A'_ag_A'_..._’_ai) (ﬁ%++ﬁg) of lp(a,ﬁ)dadﬁ.
U(0,0)
Using the analogous transformation for 5 we obtain the integral
A A a1 ob
/( a1+ a3+ +a2) (L+ 83+ +81) o' B pla, B) dadp.
U(0,0)

The product (1 +a3 4+ ai) (1 +B2 4+ + ﬁg) and the prior density p(«, 3)
are bounded away from 0 in the neighborhood U(0, 0). Therefore, we may consider

2\+a p2A+b
ay”" By

A+ a)2A 1)

As a function of A, this integral has poles at A = —a/2 and A = —b/2. Having
assumed that a > b, the larger pole is —b/2, and thus the learning coefficient is
q = b/2. The multiplicity is s =2 if a = b, and it is s = 1 if a > b. O

ta—1 p2A4b—1 _
/041 Eh doydfp, =

Blow-up transformations are the engine behind algorithms for resolutions
of singularities in algebraic geometry. An implementation of such a resolution
algorithm can be found in Singular. In theory, this implementation can be used to
obtain information about the asymptotic behavior of Laplace integrals. However,
in practice, we found it prohibitive to use a general algorithm for resolution of
singularities, because of the enormous complexity in running time and output
size. On the other hand, polyhedral geometry and the theory of toric varieties
furnish combinatorial tools for resolution of singularities. These work well under
suitable genericity assumptions. We conclude this section by showing an example.

Example 5.1.9 (Remoteness and Laplace integrals). Let [ and &k be two even pos-
itive integers and consider the integral

Iy =/ / e @) dy dy,

which is a product of two univariate integrals that can be computed in closed
form, e.g. using Maple. We find that the logarithm of the integral equals

1

log pre; = — (ll€ + l) log(n) + O(1). (5.1.19)
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=
+
=

Figure 5.1.1: Newton diagram for 2® + y*.

The coefficient ¢ = 1/k + 1/l can be obtained from the Newton diagram of the
phase function ¥ +4'. The Newton diagram is the convex hull of the set obtained
by attaching the non-negative orthant [0, 00)? to each of the exponents (k,0) and
(0,1) appearing in the phase function; see Figure The remoteness of the
Newton diagram is the reciprocal 1/p of the smallest positive real p such that
p-(1,1) is in the Newton diagram. In this example, p = kl/(k + 1), and the
remoteness is found to be 1/p = 1/k + 1/1. This coincides with the coefficient ¢

appearing in the integral ([5.1.19)). |

In general, the phase function needs to exhibit certain non-degenerateness
conditions for the remoteness of the Newton diagram to be equal to the learning
coefficient ¢. If the conditions apply, then the codimension of the face in which
the diagonal spanned by the vector (1,...,1)T first hits the Newton diagram
determines the multiplicity s for the loglogn term. We illustrate this in the re-
duced rank regression example below and refer the reader to the book [12], §8.3.2]
for the precise results. In many other statistical models, however, the required
non-degeneracy conditions do not apply. Extending the scope of Newton diagram
methods is thus an important topic for future work.

Example 5.1.10 (Remoteness in reduced rank regression). Suppose a = b = 2 in
the reduced rank regression problem considered in Example The Newton
diagram of the phase function (a2 + a3)(8? + £3) in s the vertices
(2,0,2,0), (2,0,0,2), (0,2,2,0) and (0,2,0,2) and the rays (1,0,0,0), (0,1,0,0),
(0,0,1,0) and (0,0,0,1). It can also be described by the inequalities

a1, 02,31,822>0, ar+oax>2, [+ F22>2.

If p-(1,1,1,1) is in the Newton diagram then 2p > 2. The minimum feasible value
for p is thus 1, and we find that the remoteness, being also equal to 1, gives the
correct learning coefficient /2 = 2/2 = 1. Since the point (1,1,1,1) lies on a
two-dimensional face of the Newton diagram, the multiplicity is s = 2. O
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5.2 Exact Integration for Discrete Models

Inference in Bayesian statistics involves the evaluation of marginal likelihood in-
tegrals. We present algebraic methods for computing such integrals exactly for
discrete data of small sample size. The relevant statistical models are mixtures
of independent probability distributions, or, in geometric language, secant vari-
eties of Segre-Veronese varieties. Our approach applies to both uniform priors and
Dirichlet priors. This section is based on the paper [69] by Lin, Sturmfels, and
Xu. Our notational conventions in this section differ slightly from the rest of these
notes. These differences make for simpler formulas and allow for the easier use of
the Maple code described later.
We consider a collection of discrete random variables

xiVoox xy),

x® xP L xD,

x(™,x{m, x(Y,
where the variables in the i-th row, Xl(i), XQ(i), el Xé(,f), are identically distributed
with values in {0,1,...,7;}. The independence model M for these variables is a

log-linear model as in Chapter 1. It is represented by a d x k-matrix A with

d=ri+ro+--+r,+m and k:H(ri+1)5i. (5.2.1)

i=1
The columns of the matrix A are indexed by elements v of the state space
{0,1,...,71 1% x {0,1,...,7m9}%2 x - x {0,1,...,7pn}°™. (5.2.2)

The rows of the matrix A are indexed by the model parameters, which are the d
coordinates of the points § = (8,0 ... #(™)) in the product of simplices

O = Ay XA, X XA, L (5.2.3)

The independence model M is the subset of the probability simplex Aj_; which
is given by the parametrization

m

Si
_ @ _ @) » _ (@)
Dy = P(Xj =, for all z,]) = H H 91)@. (5.2.4)
i=1j=1 "~
This expression is a monomial in d unknowns. The column vector a,, of the matrix
A corresponding to state v is the exponent vector of the monomial in ((5.2.4)).

For an algebraic geometer, the model M is the Segre- Veronese variety
P x P2 x - x PP s PRTL (5.2.5)

where the embedding is given by the line bundle O(s1, s2, ..., 8;,). The manifold
M is the toric variety of the polytope ©. Both objects have dimension d — m.
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Example 5.2.1. Consider three binary random variables where the last two random
variables are identically distributed. In our notation, this corresponds to m = 2,
s1=1,s3=2and ry =7y = 1. We find that d =4,k = 8, and

Pooo Poor Poio Poir Pioo Pio1 P10 Pii1
o /1 1 1 1 0 0 0 0

Lo o 0o 0 0 1111
6 2 1 1 0o 2 1 1 0
6 »\o 1 1 2 o 1 1 2

The columns of this matrix represent the monomials in the parametrization (5.2.4)).
The model M is a surface known to geometers as a rational normal scroll. Tts
Markov basis consists of the 2 x 2-minors of the matrix

Pooo Poo1r  Pioo Pio1
Poio Poi1 Piio P11

together with the two linear relations pgo1 = po1o and pi1o1 = P110- O

The matrix A has repeated columns whenever s; > 2 for some 4. It is usually
preferable to represent the model M by the matrix A which is obtained from A
by removing repeated columns. We label the columns of the matrix A by elements
v=(vM,... ™) of whose components v € {0,1,...,7r;}% are weakly
increasing. Hence A is a d x k-matrix with

o= 1%[1(51:”) (5.2.6)

The model M and its mixtures are subsets of a subsimplex A;_; of Aj_;.

We now examine Bayesian integrals for the independence model M. All do-
mains of integration in this section are products of standard probability simplices.
On each such polytope we fix the standard Lebesgue probability measure. This
corresponds to taking uniform priors p(y) = 1 in the integral . Naturally,
other prior distributions, such as the conjugate Dirichlet priors, are of interest,
and our methods will be extended to these in Corollary For now, we simply
fix uniform priors. We identify the state space with the set {1,...,k}. A
data vector u = (uy,...,ux) is thus an element of N¥. The sample size of these
data is |Jul|s = n. The likelihood function for these data equals

n! u Ug u
L) = R p1(0)* - p2(0)7 - pr(6)"".

This expression is a polynomial function on the polytope © in ([5.2.3). The marginal
likelihood (5.1.6a)) for the independence model M equals

/@ () do.
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The value of this integral is a rational number that we now compute explicitly.
The data u enter this calculation by way of the sufficient statistics b = Au. The
vector b is in N, and its coordinates by) fori=1,...,mand j=0,...,r,, count
the total number of times each value j is attained by one of the random variables
Xl(i) X s@ in the i-th row. The sufficient statistics satisfy

béi) —&-bgi) +-~-+b£? = s-n forall i=1,2,...,m. (5.2.7)

Our likelihood function L(f) is the constant n!/(ui!- - - ug!) times the monomial

¢ = 1™

i=1;=0
We note that the independence model M has maximum likelihood degree one:

Remark 5.2.2. The function 0° is concave on the polytope O, and its maximum
value is attained at the point 6 with coordinates 9§-1) = bg-l)/(si n).

Not just maximum likelihood estimation but also Bayesian integration is very
easy for the model M.

Lemma 5.2.3. The marginal likelihood integral for the independence model equals

A O AT
L — T2 % o
/@ () do T 1;[1 Gin g

Proof. Since O is the product of simplices (5.2.3)), this follows from the formula

th-bp!-by! - by!
0000 -0y do = 5.2.8
Aﬂ ! t (bo + b1 + -+ by +1)! (5.2.8)
for the integral of a monomial over the standard probability simplex Ay. |

We now come to our main objective, which is to compute marginal likelihood
integrals for the mixture model Mixt? (M). Our parameter space is the polytope

0@ = A, x © x O.

The mixture model Mixt?(M) is the subset of Aj_; with the parametric repre-
sentation
Py = 0g-0% + o1 p™ for (0,60,p) € ©®). (5.2.9)

Here a, € N? is the column vector of A indexed by the state v, which is either in
(5.2.2)) or in {1,2,...,k}. The likelihood function of the mixture model equals

n!

Lo.0:p) = o pa(o,0:0)" - il 0, )™ (5.2.10)
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and the marginal likelihood for the model Mixt?(M) equals

n!
L(0,6,p) dodbdp = ———— [ [(o08" +a1p™)" dodf dp.
/@<2> (0,0, p) dodbdp wrl ] /@(2) . (o0 o1p®)* dodf dp
(5.2.11)
Proposition 5.2.4. The marginal likelihood (5.2.11]) is a rational number.

Proof. The likelihood function L(c, 6, p) is a Q@>¢-linear combination of monomials
0% p¢. The integral (5.2.11)) is the same Q>o-linear combination of the numbers

/ oo dodfdp = / % do - /ab do - /pc dp.
e® Aq S) (S]

Each of the three factors is an easy-to-evaluate rational number, by (5.2.8). O

The model Mixt?(M) corresponds to the first secant variety (see Section
of the Segre-Veronese variety . We could also consider the higher mixture
models Mixtl./\/l7 which correspond to mixtures of [ independent distributions, and
much of our analysis can be extended to that case, but for simplicity we restrict
ourselves to I = 2. The secant variety Sec?(M) is embedded in the projective space
P! with k as in . Note that & can be much smaller than k. If this is the
case then it is convenient to aggregate states whose probabilities are identical and
to represent the data by a vector 4 € N*. Here is an example.

Example 5.2.5. Let m=1, s;=4 and r;=1, so M is the independence model for
four identically distributed binary random variables. Then d = 2 and k = 16. The
corresponding integer matrix and its row and column labels are

Poooo  Poooi Pooio Poioo Piooo Pooir - Piiio Piill
A — 0o 4 3 3 3 3 2 1 0
6 0 1 1 1 1 2 3 4 ’

However, this matrix has only k = 5 distinct columns, and we instead use

Po P11 P2 P3 P4
i = 0o 4 3 2 1 0
0 0 1 2 3 4 )

The mixture model Mixt?(M) is a Zariski dense subset of the cubic hypersurface in
A, that was discussed in Example where we studied the likelihood function

(2.2.2) for the data vector

u = (’110,111,112,113,’&4) = (51,18,73,25,75).

It has three local maxima (modulo swapping 6 and p) whose coordinates are
algebraic numbers of degree 12. Using the Maple library cited below, we computed
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the exact value of the marginal likelihood for the data %. The number ([5.2.11]) is
the ratio of two relatively prime integers having 530 digits and 552 digits, and its
numerical value is approximately 0.778871633883867861133574286090-10-22. [

Algorithms for computing ([5.2.11)) are sketched below, and described in detail
in [69]. These algorithms are implemented in a Maple library which is available at

http://math.berkeley.edu/~shaowei/integrals.html.

The input for that Maple code consists of parameter vectors s = (s1, ..., 8, ) and
r=(r1,...,mm) as well as a data vector u € N¥. This input uniquely specifies the
d X k-matrix A. Here d and k are as in . Output features include the exact
rational values of the marginal likelihood for both M and Mixt?(M).

Example 5.2.6. (“Schizophrenic patients”) We apply our exact integration method
to a data set taken from the Bayesian statistics literature. Evans, Gilula and
Guttman [45, §3] analyzed the association between length of hospital stay (in
years Y') of 132 schizophrenic patients and the frequency with which they are
visited by their relatives. The data vector u for their data set is determined by the
3 x 3-contingency table:

2<Y <10 10<Y <20 20<Y Totals

Visited regularly 43 16 3 62
Visited rarely 6 11 10 27
Visited never 9 18 16 43

Totals 58 45 29 132

The paper [45] presents estimated posterior means and variances for these data,
where “each estimate requires a 9-dimensional integration” [45] p. 561]. Computing
these integrals is essentially equivalent to our integrals, for m = 2,51 = so =
1,71 = r9 = 2 and n = 132. The authors point out that “all posterior moments can
be calculated in closed form .... however, even for modest n these expressions are
far to complicated to be useful” [45], p. 559] and emphasize that “the dimensionality
of the integral does present a problem” [45], p. 562].

We disagree with the conclusion that closed form expressions are not useful.
In our view, exact integration is quite practical for modest sample size such as
n = 132. Using the Maple library, we computed the integral in . It is the
rational number with numerator

278019488531063389120643600324989329103876140805
285242839582092569357265886675322845874097528033
9949306971310363319990693940571118083 7568853737
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and denominator

12288402873591935400678094796599848745442833177572204
50448819979286456995185542195946815073112429169997801
33503900169921912167352239204153786645029153951176422
43298328046163472261962028461650432024356339706541132
34375318471880274818667657423749120000000000000000.

To obtain the marginal likelihood for the data u above, the integral has to be
multiplied with the normalizing constant 132!/(43!-16!-3!-6!-11!-10!-9!-18!-16!). O

Our approach to exact integration makes use of the fact that the Newton
polytope of the likelihood function is a zonotope. Recall that the Newton
polytope of a polynomial is the convex hull of all exponent vectors appearing in the
expansion of that polynomial, and a polytope is a zonotope if it is the image of a
standard cube under a linear map; see Chapter 7 of [I06] for more on zonotopes.
We are here considering the zonotope

k
Z Uy * [0; av]a
v=1

where [0, a,] is the line segment between the origin and the point a, € R?. So,
the zonotope Z4(u) is the Minkowski sum of these k segments. Assuming that the
counts u, are all positive, we have

dim(Za(u)) = rank(4A) = d—m+1. (5.2.12)

The zonotope Z4(u) is related to the polytope © = conv(A) in as follows.
The dimension d —m = ry + -+ + 7y, of © is one less than dim(Z4(u)), and ©
appears as the vertex figure of the zonotope Z4(u) at the distinguished vertex 0.

The marginal likelihood to be computed is n!/(uq!---ug!) times the integral

k
/@ N [ (006" + o1 )" dododp (5.2.13)

Our approach to this computation is to sum over the lattice points in the zonotope
Z A (u). If the matrix A has repeated columns, we may replace A with the reduced
matrix A and u with the corresponding reduced data vector u. This would require
introducing an extra normalizing constant. In what follows we simply focus on
computing the integral with respect to the original matrix A. Recall from
that all columns of the matrix A have the same coordinate sum

a = |ay| = s1+s2+-+8m, forallv=12,...k,

and from that we may denote the entries of a vector b € R? by b( for
i=1,....,m and j=0,...,7y. Also, let £ denote the image of the hnear map
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A . ZF — 7% Thus £ is a sublattice of rank d — m + 1 in Z%. We abbreviate
Z5(u) = Z4(u) N L. Expanding the integrand in (5.2.13) gives

H(era“ +oppt)t = Z pa(b,u)- agbl/aollcl/a b p. (5.2.14)
v beZ5 (u)
c=Au—b

Writing D(u) = {(z1,...,25) €Z* : 0 <, <uy,v=1,...,k}, we can see that

the coefficient in (5.2.14]) equals

palbu) = Y ﬁ(zv) (5.2.15)

Az=b v=1 v
z€D(u)

Thus, by formulas (5.2.8) and (5.2.14)), the integral (5.2.13)) evaluates to

([6l/a)! (el /a)! i ri!béi)! bff)! ri!(;(()i)! ng)g
S pa(buy . (VDU pp fritbo e B rd gL o) g g
beZ5 (u) (luf +1)! i1 ([D@] +7;)! (@] + r;)!

A u

c=Au—b

We summarize the result of this derivation in the following theorem.

Theorem 5.2.7. The marginal likelihood for the mizture model Mixt*(M) is equal
to the sum times the normalizing constant n!/(ui!- - - ug!).

Each individual summand in the formula is a ratio of factorials and
hence can be evaluated symbolically. The challenge in turning Theorem [5.2.7] into
a practical algorithm lies in the fact that both of the sums (5.2.15) and (5.2.16)
are over very large sets. These challenges are addressed by the methods in [69, §4].

We now remove the restrictive assumption that our marginal likelihood in-
tegral be evaluated with respect to the uniform distribution (Lebesgue measure)
on the parameter space ©®). In Bayesian analysis of discrete data, it is standard
practice to compute such integrals with respect to the Dirichlet prior distributions,
which form conjugate priors to multinomial models like our independence model
M. We shall show in Corollary how the formula in Theorem extends
from uniform priors to Dirichlet priors.

The Dirichlet distribution Dir(«) is a continuous probability distribution that
is parametrized by a vector oo = (v, a1, - .., ¢) of positive reals. The probability
density function f(0;«) of Dir(«) is supported on the ¢t-dimensional simplex

Ay = {(0o,....,0)) €RLy : Op+ -+ 0, =1},
and it equals

0&—1
B(a)

. _ ap—1pa;—1 ag—1 |
f(eo,...79t,040,...,at) = 7'900 911 -~-9tt =
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Here the normalizing constant is the multivariate beta function

t!-T(ao) - T(ar) -+ D(ar)

B =
() D(lap+a1+ -+ ay)

Note that, if the «; are all integers, then this is the rational number

t(ag =1 (g =D (ap — 1)!
(g + -+ +ap —1)! '

Thus the identity is the special case of the identity fAt f(0;)df =1 for
the density of the Dirichlet distribution when all «; = b; + 1 are integers.

We now show how to compute marginal likelihood integrals for the mixture
model Mixt?(M) with respect to Dirichlet priors. Fix positive vectors a € (0, 00)?,
and B, 4 € (0,00)"*! for i = 1,...,m. These determine the distribution
Dir(a) on Ay, and the distributions Dir(3(?) and Dir(y(?) on the i-th factor A,,
in the product . The product probability measure

B(a) =

Dir(a) ® H Dir(6%) ® H Dir(y®)
i=1 i=1
is a distribution on ©® = A; x © x © that we call the Dirichlet distribution
with parameters («, 3,7). Its probability density function is the product of the
respective densities:

go—l m (g(i))ﬁ“)—l m (p(i))w“)—l

flo,0,p;0,8,7) = B(O‘).il;[l 5G] g G (5.2.17)

By the marginal likelihood with Dirichlet priors we mean the integral

[ L(0.0.0) £(0,0.p:0.5.) dodvp. (5.2.18)
e2)

This is a modification of , which depends not just on the data u and the
model Mixt?(M) but also on the choice of Dirichlet parameters («, 3,7). When
the coordinates of these parameters are arbitrary positive reals but not integers,
then the value of the integral is no longer a rational number. Nonetheless,
it can be computed exactly as follows. We abbreviate the product of Gamma
functions in the denominator of the density as follows:

B(a,f3,7) = Ba)-[[BEB) - [[B:").
=1

i=1

Instead of the integrand (5.2.14)) we now need to integrate

A(ba u) [b]/a+ap—1 le]/a4a1—1 b+3—1 cty—1
—_— .O' -0' .0 -p ’y
2 B(a,B,7) ° '

beZ4 (u)
c=Au—b
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with respect to Lebesgue probability measure on ©(?). Doing this term by term,
as before, we obtain the following modification of Theorem

Corollary 5.2.8. The marginal likelihood for the mizture model Mixtz(/\/l) with
respect to Dirichlet priors with parameters (o, 3,7) equals

nl T(|b|/a + ao)T(|e|/a + a1)
b,u
ur!- - ug! - Bla, 8,7) be;( )¢A( ) L(lu| + |«)
A u
c=Au—b
ﬁ(”!F<bé” A7) - T + 89) rn(el? +48) - D) + ”’g))>
L([p@ ]+ |5O]) L([c@] + [y@) '

=1



Chapter 6

Exercises

This chapter presents solutions to eight problems. Problems and are con-
cerned with Markov bases and can be solved based on the material presented
in Chapter |1| alone. Problem is about a Gaussian graphical model and relies
on Section Problems and complement Section by providing a de-
tailed study of the asymptotics of the likelihood ratio test in a Gaussian model
and a calculation of a Fisher-information matrix. The two problems and
illustrate the use of algebraic techniques to study implications among conditional
independence relations as discussed in Chapter |3} Finally, problem concerns
a mixture model (recall Section and involves in particular questions about
exact computation of Bayesian integrals (recall Section .

For each problem we list the names of the participants who worked on this
problem during the week in Oberwolfach. These teams then submitted their solu-
tions to Florian Block, Dustin Cartwright, Filip Cools and Alex Engstrém, who
helped compile them into one chapter.

6.1 Markov Bases Fixing Subtable Sums

The team consisted of Jorn Dannemann, Hajo Holzmann, and Or Zuk.

Problem. Let S C [r] x [¢]. Consider the log-linear model for a 2-way contingency
table given parametrically by

o Oé¢+6j+)‘ lf(lvj)eg

This is an extension of the independence model that includes a subtable change-
point parameter A [53]. The sufficient statistics of this log-linear model are the
row sums, columns sums, and S-subtable sum of a 2-way table u. For instance,
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if r =2, and ¢ = 3, and S = {(1,1),(2,2)}, then the sufficient statistics of this
log-linear model are

1 1.1 0 0 O Uil
00 0 1 11 U112
1 0 01 0 O Uu1s
01 0010 U21
001 0 01 U22
1 0 00 1 0 U23

and the minimal Markov basis consists of a single move and its negative:
+1 +1 -2
-1 -1 42)°

1. Use the markov command in 4ti2 [57] to compute a Markov basis for the
model when r =c=4and S =

(a) {(1,1),(2,2),(3,3), (4,4)}
(b) {(1,1),(1,2),(2,1),(2,2)}
(©) {(1,1),(1,2),(2,1),(2,2),(3,3),(3,4), (4,3), (4, 4)}
(d) {(1,1),(1,2),(1,3),(2,1),(2,2),3, 1)}

2. Describe a Markov basis for this model when S = S; x Sy for S; C [r],
Sy C [c].

3. Describe a Markov basis for this model when r = ¢ and S = {(i,4) | i € [r]}
is the set of diagonals.

)

1) 4)
) 2)
); 2)
1) 1),

Solution. 1. We consider the log-linear model for a 2-way contingency table with
r = ¢ = 4. The model is specified by the matrix A that consists of the restrictions
from the independence model and an additional row depending on the set S. Our
goal is to find a Markov basis of moves for each set S. These moves leave the
column sums, rows sums, and the sum over S unchanged. Each move is an integer
vector b of length r x ¢ satisfying Ab = 0 but we can also view b as an r X ¢ matrix,
in which case the transpose of b is denoted b”. Using the latter representation,
let e;; be the unit vector with a 1 at entry (4, j). Recall from Section that the
basic moves for the independence model involve only four elements and are of the
form e;x, + ej; — e; — ;5. This example of a basic move adds one to the cells (3, j)
and (k,!) and subtracts one from the cells (¢,) and (j, k) in the contingency table.

If b is a move, then so is —b. Note that the output of 4ti2 contains only one
of the two vectors £b. Furthermore, note that 4ti2 always computes a minimal
Markov basis.

(a) In order to compute a Markov basis for S = {(1,1),(2,2), (3,3), (4,4)} using
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the markov command in 4ti2, we set up the matrix

111 100O0O0O0O0O0O0OO0OO0OO0OT@O
0000111 10O0O0O0O0O0O0O0
0 000OO0O0OO0OOOT1T1T1T1O0O0TO0O0
0 000O0OO0OO0OO0OO0OO0OO0OO0OTI1TT1T11
A=|1 0 0 01 0001 0O0O0OT1O0O0TO0
0100010O0O0OT1O0O0O0OT1O0O
001 00O0O1O0OO0OOT1TUO0OO0OO0OT1O0
0 0010O0O0O1O0O0O0OT1QO0TO0TQO01
1 000O01O0O0OO0OO0O1O0O0O0O0OT1

that is passed as input to 4ti2. For each row of A, the 1’s correspond to ele-
ments whose sum must be fixed. The first four rows correspond to row sums,
the next four rows correspond to column sums, and the last row corresponds
to the sum over the elements indexed by S.

The Markov basis returned by the markov command contains 66 moves.
Using the formatting command output, we see that there are 6 elements of
degree 2, 24 elements of degree 3, and 36 elements of degree 4. The elements
of degree 2 in this Markov basis are basic moves e;; + ej; — ey — ej, that
do not change the sum over S. The other 60 elements can be written as the
sum of two basic moves, where each one changes the sum over S but their
sum does not. One can distinguish five types of Markov basis elements and
we describe them for general r = ¢ in part 3.

Now we consider S = {(1,1),(1,2),(2,1),(2,2)}, that is, the upper 2 x 2-
rectangle of the table. Changing the last row of A according to the set S,
we can again use the markov command to compute a Markov basis, which
consists of 20 elements of degree 2. These are precisely the basic moves that
do not change the sum over S.

For S = {(1,1),(1,2),(2,1),(2,2),(3,3),(3,4), (4,3), (4,4)}, that is, the up-
per left and the lower right rectangle, we get the same Markov basis as for
the upper left rectangle in part (b). The reason for this is that a basic move
changes the sum over the upper left rectangle if and only if it changes the
sum over the lower right rectangle.

If S ={(1,1),(1,2),(1,3),(2,1),(2,2),(3,1)} is the upper left triangle, then
we find that the Markov basis computed by 4ti2 comprises 16 moves. As for

the upper rectangle in part (b), these are all basic moves that do not change
the sum of S.

We note that in [53], Thm. 1] it is proven that the set of allowable basic moves

is a Markov basis for S if and only if S does not contain precisely the diagonal
elements (1,1) and (2,2) in any 3 x 2 or 2 X 3 sub-matrix of [r] x [¢]. This condition
is satisfied for the sets S in (b),(c),(d), while it is violated for the diagonal S in
(a). The theorem is thus in agreement with our computational results.
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2. Let S1 C [r], S2 C [¢] and consider S = S; x Sa. Part (b) of question 1, above,
is an example. Let By be the minimal Markov basis for the independence model,
which contains the basic moves e;, + € — e;; — € for i < j and k < 1. We claim
that if S = S x Ss, then the set

Bs = {beb’@ LY by :0} (6.1.1)

(i,5)€s

is a Markov basis for the model with the additional restriction based on S. The
set Bg comprises all basic moves that do not change the sum in S. Let s; = #51
and sy = #55. Then the number of moves in this basis is

#Bg = <;> (g) — s189(r — 51)(c — 82). (6.1.2)

The claim holds according to [53, Thm. 1], but for the particular set S con-
sidered here we can give a simpler proof. Let u and v be two distinct non-negative
integer matrices that have equal column sums, row sums, and sum over S. We
need to show that one can reach v from u by applying a series of moves from Bg
while keeping all matrix entries non-negative. As in the proof of Proposition [T:2.2]
it suffices to show that we can find bq,...,by, € Bg such that u+b; +---+b;, >0
forall1<I<Land |[u+b+---+br—v|1 < |u—v].

Suppose there exist two distinct indices ,j € [r] \ S with u;r — v < 0 and
wj —vji > 0 for some k € [c]. Then there is another column I € [¢] \ {k} for which
u; — vy > 0. We can thus reduce the one-norm by adding e;; + e;; — ejr, — ey to
u. The same argument applies if 4, j € S1 with u;, — v, < 0 and u;;, — vji > 0 for
some k € [c]. Moreover, we can interchange the role of rows and columns.

In the remaining cases, there exist two distinct indices i,7 € S; and two
distinct indices k,l € Sy with w;, — vy > 0 and uj; — vj; < 0. In order for the
above reasoning not to apply both u; — vy and wj, — v must be zero, and there
must exist an index m € [¢] \ Sz such that ., —vjm > 0. Update u by adding the
move ;i + €im — €ik — €jm. Then ujr, — v =1 and uj — v;; < 0 is unchanged.
We are done because we are back in the previously considered situation.

3. We are asked to describe a Markov basis when S = {(i,%) : i € [r]} is the
diagonal in a square table. The case r = ¢ = 4 was considered in part 1(a).

We represent each basic move by showing the non-zero elements participating
in it. A composition of basic moves is represented similarly, where the number
of non-zero elements might vary. For ease of presentation, we display moves in
4 x 4 matrices but they represent the same moves as in general r X r matrices.
Elements appearing on the diagonal are underlined. We introduce five classes of
moves. Recall that for each move in the Markov basis, we can use either it, or its
negation. We always consider only one of these as a member of the Markov basis.
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The set By contains the (5)("5?) basic moves e;, j, + €y, — €ij, — €155, that

do not contain the diagonal. An example is

+1 -1
-1 +1

The set By comprises 2(;) (r — 2) moves created from two overlapping basic
moves. In each of the two basic moves one of the elements is on the diagonal.
The moves in By have the form e; s, + €55, — 2€5,j5 — €iziy — €iziy + 2€i55s,
possibly after transposition. An example is

+1 +1 -2
—1 -1 +2

The third set Bs is made up from pairs of non-overlapping basic moves in
the same rows, each containing one diagonal element. Modulo transposition,
the 2(3) (TEZ) moves in Bs are of the form e;,;; + €;5,i, — €i1j5 — €154 — Cigiy —
€iziy T €injs T €injs, as illustrated by

+1 41 -1 -1
—1 -1 +1 +1

The forth set B, collects moves created from two overlapping basic moves,
each containing two diagonal elements of which one is shared. They are of
the form e; 4, — €i,j; — €iiy + €isjs — Ciziy + €igiy, as illustrated by

+1 -1
-1 +1
-1 +1

The indices are chosen distinct with the exception of i3 and js, which may
be equal. Based on this index structure, there are (5)(r — 2)? moves in By.
However, some of these moves are redundant. In particular, when i3 = j3 we
get a move that can be compensated by the two moves associated with the
triplets (i1, 43,42) and (iz,43,41). Excluding, for each triplet (i1, i2,%3), one of

the three moves in the basis, we obtain #B, = (3)(r —2)% — (3).
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(v) Finally, the set Bs is created from two overlapping basic moves, sharing their
one diagonal element. These () moves are of the form e; i, — €55, — €iyi, +
€isiz — €igiy T+ €iszip- AN example of an element of By is

+1 -1
-1 +1
-1 +1

The union Bg = U?Zl B; of the above listed moves has cardinality

G327 20 e-202() (57) + (o2 3(<%>>+<§)

which is equal to 9, 66, 240, and 630 for » = 3,...,6. Using 4ti2 we verified that
Bgs is a Markov basis for r» < 6. This confirms the following result of [54].

Theorem. Suppose S = {(i,i) : i € [r]} is the diagonal in an r X r-contingency
table. Then Bs = J;_, B; is a Markov basis for the log-linear subtable change-point
model associated with S.

6.2 Quasi-symmetry and Cycles

The team consisted of Krzysztof Latuszynski and Carlos Trenado.

Problem. The quasi-symmetry model for two discrete random variables X, Y with
the same number of states is the log-linear model with

logpij = i + B + Ayj
where )\ij = )\ﬂ
1. What are the sufficient statistics of this model?

2. Compute the minimal Markov basis of the model for a few different values
of the number of states of X,Y.

3. Give a combinatorial description of the minimal Markov basis of the quasi-
symmetry model.

Solution. 1. Without loss of generality, assume that X and Y take values in the
set [r]. For a sample (XM, Yy . (XM y(™) let u = (u;;);; be the data
matrix, so ui; = >y, Lixw—;,y®—j;}- To determine the sufficient statistics, we
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represent this model by a matrix A whose rows correspond to the parameters and
whose columns correspond to the entries of the table u. The columns are labeled
by pairs (i,7) € [r] x [r] and the rows come in three blocks, corresponding to
the a, 8, and A parameters. The first two blocks each have r rows (corresponding
to rows and columns of u, respectively) and the A\ block has (7’42'1) rows which
correspond to the 2 element multisets of [r]. The column corresponding to entry
u;; has three ones in it, corresponding to the three parameter types, and all other
entries are zero. The positions of the ones are in the row corresponding to «a;, the
row corresponding to 3;, and the row corresponding to A\;; = Aj;. For example if
r = 3, the matrix A has the form:

[y

—_0 O OO O OO O

[sNel o Nelel kel =l =i
SO H OO OO HHOHO
OO OO R OO OO O
el eslien el en) i o es lien] Ran il an
O OO OO o RRFOOo
[aalilesiienlievlifenllen] Jen i el B =N«
S OO OO OOo—~OoOOo

OO O OO HOOROO

o

Now to determine the sufficient statistics of the quasi-symmetry model from the
matrix A, we read across the rows of A. The a and (8 blocks correspond to row
and column sums of u, as in a typical independence model. For the A block, this
gets broken into two classes: diagonal and off-diagonal. If we are looking at A;;, us;
is the only table entry affected by this parameter, in which case the corresponding
sufficient statistic is w;;. For off-diagonal A;j, u;; and uj; are affected, and the
vector of sufficient statistics is

uiy for i=1,...,7
uy; for j=1,...,m
uy; for i=1,...,r,
ui; +uj; for 4,7=1,...,7and i < j.

2. To compute the Markov basis for the model for r x r tables we input the matrix
that computes sufficient statistics of the model to 4ti2 [67]. That matrix, which
is an 2r 4 (T;rl) by 72 matrix, was described in the solution to part 1.

For r = 3, the Markov basis consists of the 2 moves
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For r = 4, the Markov basis consists of 2-7 moves, given by the following matrices:

0 0 0 0 0 0 -1 +1 0 -1 0 +1
0 0 -1 +1 0 0 O 0 +1 0 0 -1
+ 0 +1 0 -1 = +1 0 0 -1 = 0 0 0 O ’
0 -1 +1 0 -1 0 +1 O -1 +1 0 O
0 0 -1 +1 0 -1 0 +41
0 0 +1 -1 +1 0 -1 0
= +1 -1 0 0 = 0O +1 0 -1 |’
-1 +1 0 0 -1 0 +1 0
0 -1 41 0 0O +1 -1 0
+1 0 -1 0 -1 0 0 +1
+ -1 +1 0 O = +1 0 0 -1
0 0 0 O 0o -1 +1 0

We leave to the reader the enjoyable task of designing the A matrix and computing
the 2 - 37 moves of the Markov basis for r = 5 using 4ti2.

3. Markov bases for the quasi-symmetry model were considered e.g. in [76], where
the 4 x 4 example has been computed. However, the problem was not solved for
arbitrary r. Here we solve the problem of determining the minimal Markov basis
of this model by providing a proof of a conjecture by Filip Cools.

To each cyclic permutation o of [r] of length between 3 to r, we associate an
r x r table M, = (m;;), where

1 if o@i) =4,
m” = -1 if 0'_1(7;) = j,

0 otherwise.

Note that if M, -1 = —M,.

Theorem. The minimal Markov basis B of the r X r quasi-symmetry model is the
union of all the moves M, as o ranges over all cyclic permutations with cycle
length between 3 and r. In particular, the Markov basis consists of

i: (Z) (k —1)! (6.2.1)

k=3
moves.

Proof. First of all note that M, € kerz A. It is easy to verify that the number of
such cycles, and thus the number of such matrices, is given by .

We must show that if we have two non-negative r X r integral tables u, v with
the same row and column sums, same diagonals, and same symmetric pair sum,
they can be connected to each other using the set of cyclic moves B. Using the
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same strategy as in the proof of Proposition [1.2.2] it suffices to show that there is
ab e Bsuch that u+b>0and ||[u+b—ov|; < ||u—vli.

Suppose that w # v. Then there exists some index pair (i1,43) such that
Uiyiy — Viyip > 0. By virtue of the fact v and v have the same symmetric pair sums
we have that w;,;, — v;,:, < 0. Since v and v have the same column sums, there
is an index 43 such that u;,;, — vi,i; > 0. By virtue of the fact © and v have the
same symmetric pair sums we have that u;,;, — viyi, < 0. Since u and v have the
same column sums, there is an index 44 such that w;,;, — vi,;, > 0. Continuing in
this way for at most r steps, we produce a sequence of indices i1tz - - - g1 With
ik+1 = 41 such that R T 0 and Wiy y iy — Vigyqip < 0foralll = 1,2,..., k.
Letting o be the corresponding cyclic permutation o = (iyis - -ix) and b = M,
gives the desired move.

Applying the same connecting argument to the pair of tables M and M,
the positive and negative parts of M,, shows that none of these moves can be
omitted from the Markov basis, and hence, this is a minimal Markov basis. O

Note that the argument in the preceding proof shows that the set of moves
is more than just a Markov basis for the model, they form a Graver basis as well.

6.3 A Colored Gaussian Graphical Model

The team consisted of Florian Block, Sofia Massa and Martina Kubitzke.

Problem. Let © C PD,, be the set of positive definite m x m-matrices that can be

written as AC' A, where A is a diagonal matrix with diagonal entries a1, ...,y > 0
and
I~
vyl
C= oo
S
v 1

is a tridiagonal positive definite matrix. Consider the model of all multivariate
normal distributions N (u, ¥) with © € R™ and concentration matriz ¥~ € ©.
This model is an instance of a colored Gaussian graphical model [60].

1. Suppose we observe a positive definite sample covariance matrix S = (s;;).
Show that the likelihood function involves only s;; with | — j| < 1, and that
for solution of the likelihood equations we may without loss of generality
replace S by the sample correlation matrix R = (r;;) which has the entries

{1 if i = j,
Tij = Sij P .
NoToT if 1 #£ 5.
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2. Compute all solutions to the likelihood equations if m = 3 and

7 2 -1
S=12 5 3
-1 3 11

3. Study the likelihood equations for m = 3 treating the correlations r15 and
ro3 as parameters. Can there be more than one feasible solution?

4. Compute ML degrees for some m > 4.

Solution. 1. In (2.1.5)) in Section we saw that the log-likelihood function for a
Gaussian model is

(1, %) = ,g log det ¥ — gtr(szfl) - g()’( — )T YX - p),

where n is the sample size. We also saw that the ML estimator of 4 is the sample
mean X and that for estimation of ¥ we can maximize the function

() = —logdet & — tr(SX1). (6.3.1)
If 71 = ACA, then £(X) is equal to
2logdet A 4 logdet C — tr(ASAC). (6.3.2)

For i,j € [m], let E;; be the zero-one matrix that has ones at exactly the entries
(i,7) and (j,4). If ¢ = j, then E;; has only the entry (i,4) equal to one. Then

tI(ASAE“‘) = a?sii and tI‘(ASAEZ‘j) = 20(1‘&]'81‘]‘,

and since
m—1 m
C=v> Eiin1+» Ei
i=1 i=1
it holds that
m—1 m
tI‘(ASAC) =7 Z 20[1'041‘4_181'71‘4_1 + Z Oéfsn‘
i=1 i=1

involves only on the sample covariances s;; with |i — j| < 1.

Let Dg be the diagonal matrix with /s;; as i-th diagonal entry such that
S = DgRDg. Using the invertible linear transformation A — A = ADg,
can be rewritten as

2logdet A + logdet C — tr(ARAC) — 2log det Dg. (6.3.3)
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Since 2logdet Dg depends only on the data S, we can find the critical points
(a1, .y, y) of (6.3.2) by computing the critical points (@, ..., aymy,y) of

2logdet A + logdet C — tr(ARAC) (6.3.4)

and transform the solutions 4 to A = AD?, that is, we divide each @; by /s;;.

2. The likelihood equations are obtained by setting the partial derivatives of (6.3.2)
with respect to v and ag, ..., a,, equal to zero. These are

LX) 1 odetc T
= : — 200 v .
Oy det C oy ji: Q041 54,341,

i=1
20(x) 2 ,
8(041) = OTZ — 2085 — 2’}/(041'_181‘_171' + ai+1si7i+1), 1=1,...,m,

where s, m41 and sg,; are understood to be zero. Clearing denominators by mul-
tiplying by det C' and «;, respectively, and dividing each equation by 2, we obtain
the polynomial equation system

m—1
10detC
5 (;’)/ —det C 1:21 Q04184441 = O, (635&)
1-— 041‘251'1‘ - 'Yai(ai—lsi—l,i + Oéi+18i7i+1) = O, = 1, cee, M. (635b)

We set up the equations for the given sample covariance matrix S in Singular:

LIB "solve.lib";

ring R = 0, (g,a(1..3)), 1p;

matrix S[3][3] = 7,2,-1, 2,5,3, -1,3,11;

matrix C[3][3] = 1,g,0, g,1,g, O,g,1;

ideal I = 1/2*diff(det(C),g)-det(C)*a(2)*(a(1)*S[1,2]+a(3)*5[2,3]),
1-a(1)"2xS[1,1]-g*xa(1)*a(2)*S[1,2],
1-a(2)"2xS[2,2] -g*xa(2)*(a(1)*S[1,2]+a(3)*S[2,3]),
1-a(3)"2%S[3,3]-g*a(2)*a(3)*S[2,3];

When clearing denominators it is possible to introduce new solutions with «; or
det C' equal to zero. However, this is not the case here. Clearly, all solutions to
(6.3.5a) and ([6.3.5b)) have «; # 0, and since the command

groebner (I+ideal(det(C)));

returns one, no solution satisfies det C' = 0. To compute the solutions to the
likelihood equations we issue the command

solve(I);

There are eight solutions, all of them real, but only one is feasible having all a; > 0
and det C = 1 — 292 > 0. The solutions come in two classes represented by
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[4]: [1]: 0.035667176 [8]: [1]: -0.3482478
[2]: 0.37568976 [2]: 0.40439204
[3]: 0.44778361 [3]: 0.51385299
[4]: -0.3036971 [4]: 0.32689921

where the components correspond to (v, a1, s, as). The other solutions are ob-
tained by certain sign changes.

3. Continuing with the case m = 3, we use the observation that the solutions of
the likelihood equations can be found by computing the critical points of ,
which only depends on r15 and rs3. Treating these correlations as parameters in
Singular we define the ring and data as

ring R = (0,r12,r23), (g,a(1..3)), 1lp;
matrix S[3][3] = 1,r12,0, r12,1,r23, 0,r23,1;

The likelihood equations can then be set up using the code above, and we can com-
pute a reduced lexicographic Grébner basis by setting the option option(redSB)
and typing groebner (I). The Grobner basis corresponds to four equations:

(2—133)(2— 1Ty —133) a5 —2(2 —135) (2 — 11y) 03 +2(2—1,) =0
(2—7rfy) 05 —(4—rfy —7135) a5+ (2—17,) =0
—r19723(2 = 11y) o1 + (2= 133) (2 — 1Ty —733) - — (2—7133)(2—1Ty) caz =0

2roghy -y + (2 — 7"%3)(2 — r%z — 7°§3)h2 . agag —2(2— r§3)h3 ~ogaz =0

where hq, ho, h3 are polynomials in 7%, and r3,. In particular, the ML estimates
can be computed by solving quadratic equations.

If r2,, 72, < 1, as is necessarily the case if the sample covariance matrix S is
positive definite, then a standard calculation shows that the first equation has four
real solutions for 3. All of them are such that the second equation has two real
solutions for as. Hence, for a generic positive definite sample covariance matrix,
the ML degree is eight and all eight solutions to the likelihood equations are real.

If the sample covariance matrix S is positive definite, then the function £(%)
in is bounded over the positive definite cone and tends to minus infinity if
¥ or ¥~ ! approach a positive semi-definite matrix. It follows that the likelihood
equations based on r15 and o3 have at least one feasible solution (a9, 2, @30, Y0)-
Similarly, the likelihood equations based on —ry5 and 733 have a feasible solution
(a11, @01, 31,71). The Grobner basis displayed above reveals that the eight real
solutions to the likelihood equations based on r15 and 733 are

[€310] [€310] —a10 —a10
Q20 —Q0 Q20 —Q0
ago | 7| azo || —as0 || —as0

Y0 —70 —70 Yo
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and
—a11 —a11 i1 i1
Q21 —Q21 Q21 —Q21
b b )
Q31 Q31 —Q31 —Q31
71 —71 —71 4t

Note that since a;g, ;1 > 0 all eight sign combinations for the a; occur. We con-
clude that, for a generic positive definite sample covariance matrix, the likelihood
equations have exactly one feasible solution.

4. Using the code below we compute the ML degree for m > 4 (and confirm that the
clearing of denominators did not introduce additional solutions). We generate data
at random and for m > 6 we used a computation in different finite characteristics
(e.g., set int ¢ = 99991).

LIB "linalg.lib";
int m = 4; int ¢ = 0;
intmat X = random(31,m,m); intmat S = Xxtranspose(X);
ring R = ¢,(g,a(l..m)),1lp;
matrix A[m] [m];
for(int i=1;i<=m;i++){ A[i,il=a(i); }
matrix C[m] [m];
cl1,1] = 1;
for(i=2;i<=m;i++){ C[i,i] = 1; C[i-1,il=g; C[i,i-1]l=g; }
ideal I = diff(det(C),g)-diff (trace(A*C*A*S),g)*det(C);
for(i=1;i<=m;i++){
I = I+ideal (1-1/2*diff (trace(A*CxA*S) ,a(i))*a(i));
}
ideal G = groebner(I);
dim(G); vdim(G);
groebner (G+ideal(det(C)));

We obtain the results

m 3 4 5 6 7 8
ML deg 8 64 152 480 1072 2816

but, unfortunately, no obvious guess for a formula emerges.

6.4 Instrumental Variables and Tangent Cones

The team consisted of Shaowei Lin, Thomas Kahle and Oliver Wienand.

Problem. Let ¢ = (g1,...,e4) ~ N(0,Q) be a multivariate normal random vector
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with positive definite covariance matrix

w11 0 0 0
o 0 w2 0 0
Q= 0 0w wa (6.4.1)
0 0 w34 was
Define new random variables X1, ..., X4 as linear combinations:
Xy =ey, X3 = A51X1 + A32 X + €3,
Xo = &3, X4 = M3 X3 + &4
Then Xi,..., X, have zero means and are jointly multivariate normal. Let © be
the set of covariance matrices of X = (Xi,...,X4) obtained by choosing any real

numbers for the coeflicients \;; and a positive definite matrix Q as in (6.4.1)).

1. Write the covariance matrix ¥ = (oy;) of X as a function of the entries of
and the coefficients \;;.

2. Describe the ideal I of polynomials in R[s;; | 1 < i < j < 4] that evaluate
to zero at all matrices in ©. What is the singular locus of the variety V' (I).
What choices of coefficients \;; lead to singularities?

3. Let ¥ € O be a singularity of V(I). What is the tangent cone of © at 3?7

4. Find all possible asymptotic distributions of the likelihood ratio statistic A,
for testing
Hy:YX €0 versus H;: X €0

when the true distribution N(0, %) has 3o € ©.

Solution. 1. Define the matrix

1 0 0 0
0 1 0 0
A= —A31 —A32 1 0
0 0 -3 1

Then X = A~'e has covariance matrix ¥ = A~'QA~7, which is equal to

win 0 Ag1wi1 A31A43w11
w22 Az2w22 Az2A43W22 (6 4 2)
waz + A3 w11 + Adowoe w34 + A43033 o

w4 + 2M13w34 + 35033

where the symmetric entries below the diagonal are omitted and the shorthand
033 = w33 + A3 w11 + A3owae is used in the fourth column.
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Remark. We see that despite the possible dependence of the error terms €3 and
€4 the coefficient A\43 can be obtained from ¥ using the instrumental variables
formulas
Mg =4 =12
043
These formulas require o3 or o3 (or equivalently, As; or A3z) to be non-zero.

2. It is easy to see that if ¥ = (oy;) is the covariance matrix of X, then it holds
that o010 = 0 and 013094 — 014023 = 0. In fact, all relations between entries of the
matrix are given by the ideal

I = (013024 — 014023, 012) . (6.4.3)

The next piece of Singular code verifies this claim:

LIB "linalg.lib";
ring R = 0, (wl,w2,w3,w34,w4, 131,132,143,
s11,s12,s13,s14, s22,s23,s24, s33,s34, s44),dp;
matrix L[4][4] = 1,0,0,0,
0,1,0,0,
-131,-132,1,0,
0,0,-143,1;
matrix W[4][4] = w1,0,0,0,
0,w2,0,0,
0,0,w3,w34,
0,0,w34,w4;
matrix Sigma[4][4] = inverse(L)*Wxtranspose(inverse(L));
matrix S[4][4] = s11,s12,s13,s14,
s12,s22,s23,s24,
s13,s23,s33,s34,
sl14,s24,s34,s44;
ideal E = 0;
for(int i=1; i<=4; i++){
for(int j=1; j<=4; j++){
E = E+ideal(S[i,j]l-Sigmali,jl);
}
}
ideal I = eliminate(E,wl*w2*w3*w34*wd*x131%x132*x143);
I;

In order to find the singularities we study the rank of the Jacobian J of the implicit

equations, which is
(1 0 0 0 0 )
J= ;
0 o094 —023 —01a 013
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recall Definition The rank of J drops if and only if 013 = 014 = 023 = 094 =
0, which is the case if and only if A3; = A3z = 0 (recall that wq1,wss > 0). For
computation of the singularities using Singular, load the library LIB "sing.lib"
and type slocus(I) or for a nicer output groebner(slocus(I)).

3. Let g be the parametrization map, which maps a vector of parameters
(W, A) = (w1, wa, w3, Ws4, W1, A31, A3z, Aa3) (6.4.4)

to the covariance matrix displayed in (6.4.2). According to part 2, a matrix ¥ =
g(@, A) is a singularity of © if and only if A3; = A3z = 0, in which case it is of the
form

won 0 0 0

= W 0 0
Y= _ _ T - 6.4.5
W33 W34 + A43ws33 ( )

Waa + 2X43W34 + A35@ws3

By Lemma 2.3.17] the tangent cone T (X) is a subset of the variety V/(I), which is
itself a cone. We claim that To(3) = V(I). To confirm this we study the Jacobian
H(w,\) of the parametrization g at a singular point. Continuing the Singular

session from part 2, we compute

matrix H[10][8];
int i,j,c; int r = 0O;
for(i=1;i<=4;i++){
for(j=i;j<=4;j++){
r = r+l;
for(c=1;c<=8;c++){
H[r,c] = diff(Sigmali,j],var(c));
}
}
}

When stating the result we vectorize the covariance matrices ¥ = (oy;) in the
image of the parametrization as

(012,011,022, 033,034,044, 013,014,023,024) (6.4.6)

and list partial derivatives in the order given by (6.4.4). Then the Jacobian H(w, A)



6.4. Instrumental Variables and Tangent Cones 147

when /\31 = )\32 =0is

00 0 0 0 0 0 0

10 0 0 0 O 0 0

01 0 0 0 0 0 0

00 1 0 0 0 0 0

|00 Xz 1 0 0 0 s
H(w,\) = 0 0 A2, 2\ 1 0 0 20034 + 243033

00 0 0 0 o 0 0

00 0 0 0 Mg 0 0

00 0 0 0 0 @ 0

00 0 0 0 0 A 0

According to Proposition [2.3.14] Tg(Xo) contains the column span of H(w,\),
which is the linear space

R x {0} x R* x £(\43),
where
L) = {(213, 14, T23, T24) € R* © 214 = w13, 724 = awa3}.
However, the parametrization map ¢ is not injective at a point (w, A) with Ag; =
A32 = 0. Indeed the preimage of ¥ = (645) in is one-dimensional and equals
g1 E) = {(w,\) ER® w11 =511, waz = Fa2, Wiz = F33, Ag1 = Az2 =0,
w34 = O34 — Ma3033, Wy = 04 — 243034 + Aj3033 }.
Note that since X is positive definite
Wiy = Gaq — 2X\43034 + AJ3033 > 0
and

2 _ - - _ 2 - _ _ \2
w33was — w3y = 033(F44 — 2A43034 + Aj3033) — (T34 — Au3033)
_ _o
= 033044 — O34 > 0.

The coefficient \43 in the parametrization of the preimage g~1'(X) is arbitrary.
Therefore, and since tangent cones are closed, it holds that To(X() contains the
closure of
R x {0} xR* x | J £(e).
a€R

This closure is equal to V(I). Viewed as a variety in the space of symmetric
matrices, V' (I) comprises all symmetric 4 x 4-matrices 7 = (7;;) such that 712 =0
and the submatrix Ty2x34 has rank at most one; recall .

4. Let us first discuss the case of the true parameter ¥ being a non-singular point
of O, that is, ¥g = g(w,\) with A3; # 0 or A3z # 0. Continuing the Singular
session from part 3, we compute the locus where the rank of H is smaller than 8:
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sat( minor(H,8), wlxw2*w3*w4);

where the saturation takes into account that w; > 0. The output shows that the
Jacobian H has rank smaller than 8 exactly when A\3; = A32 = 0. By Lemma|2.3.16
it thus holds at all non-singular points ¥y that

D 2 2
An — Xcodim(©) = X2-

Next suppose that Yo = (0;;) is a singularity of ©. Chernoff’s Theorem
(Theorem [2.3.12)) states that the asymptotic distribution of A, is given by

min ||Z — I(Z0)Y?7?,
L [ (Eo) /77l

where I(Xg) = I(20)*/21(X0)/? is the 10 x 10-Fisher information matrix obtained
from considering only covariances o;; with 1 < ¢ < j < 4, the random vector
Z € R is distributed according to N(0,1(3¢)7!), and Te(Xg) is the tangent
cone of © at ¥ viewed as a subset of R10.

As shown in Exercise @ the Fisher information matrix satisfies

(I(Z0) Vijmt = 0ijow + ouok;.

By (6.4.5), a singularity X is of the form

o 0 0
Sy = 22
033 034
44

The many zeros lead to a block-diagonal structure for the Fisher-information.
When we order the rows and columns according to the variable ordering in (6.4.6)),
then

By
By
I(3%g) ' =
(Zo) B
B,
where
202 20 202
011022 033 033034 034
_ 2 _ 2
B, = 201, , Bo=|2033034 034+ 033044 2034044 |,
2 2 2
20’22 20’34 20’340’44 20'44
033 034 033 034
B3z =on1 ; By =022 .
034 044 034 044
Since Y is positive definite, all four blocks By, ..., B4 are positive definite as well.

This follows from exponential family theory but we can also calculate the leading
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principal minors that are all products of principal minors of ¥y. Now compute
block-diagonal matrices BZ-1 /% such that BZ-1 / 2Bf/ 2= B;, for instance, by Cholesky
decomposition. In particular, we can choose Bi/ % to be diagonal,

1/2 1/2
B§/2m(033 034) and Bi/Q\/@(UsS 034) ]

034 044 034 044

Define I(X0)'/? to be the block-diagonal matrix with blocks Bi_l/Q. This is a
matrix square root satisfying I(30)"/21(30)"/? = I(o) as desired.
We claim that I(X()/? leaves the tangent cone T (Xo) invariant. Recall that

in part 3 we showed that elements 7 = (7;;) of To(X¢) are of the form

711 0 T3 Tua
T22 T23 T24
T33 T34

T44

where the 7;; are any reals satisfying 73724 = To3714. Let 7 = (7;;) = 1(Xo)Y/?7. It
is clear that 712 = 0 such that 7 € Tg(3) if Ti3724 = T14T23. The latter equation
holds because the matrix

- N ~1/2
T3 723\ _ (033 O34 / 713 T23 VO11
T4 To4 034 044 T4 To4 V22
has rank no more than one. Therefore, I(3)'/?Te(Zo) € To(Xo). Similarly,

)
I(20)"Y?Te(20) € Te(Xo) such that I(X0)/?Te(Xg) = Te(Xo) as claimed.
Summarizing the results, we have

Ap = min | Z — 7|2
7€Te(X0)
with Z ~ N(0,I). Given any matrix Z € R**4 the matrix 7 € Tg(Xo) minimizing
the above norm must be equal to Z in the entries 711, 792, 733, 734, Ta4. Also, 712 = 0.
Thus,
min ||Z —7||> = Z%, + min ||Z —7'|?,
cmin [ | iz + min [Z12x34 — 7'

where Cj is the set of 2 x 2-matrices of rank at most one. By classical linear
algebra, min,/cc, || Z12x34 — 7'||? is equal to the smaller of the two eigenvalues of
W = Zlgx34leQ><34. The distribution of this latter random matrix is known as
a Wishart distribution with 2 degrees of freedom and scale matrix equal to the
identity matrix; we denote it by Wa(I2x2). Therefore,

An =2 V + min{ )\ (W), A2 (W)}

where V' ~ x3 and W ~ Wh(Iax2) are independent, and A\;(W) and A\ (W) are
the two eigenvalues of W.



150 Chapter 6. Exercises

6.5 Fisher Information for Multivariate Normals

The team consisted of Alex Engstrom and Johannes Rauh.

Problem. Consider the model given by all centered multivariate normal distri-
butions A(0,%) on R™ with (symmetric) positive definite covariance matrix .
Let

pe(z) = lexp{—leZ_ch‘} xr € R™

(2m)™ det(X) 2 ’ ’

be the probability density of N'(0,X). Viewing ¥ as an element of R(m’jl), the
Fisher-information I(X) is defined to be (") x (" ')-matrix whose elements
are the expected values

I(X)ijmu=E [(&ij IngZ(X>> (asz IOgPZ(X))]

for X ~ N(0,3). Alternatively, one can compute the entries of the Fisher-information
as

2

I(E)ij,kl =-E |: IngZ(X)} . (651)

801»]»8%1

(This can be shown to be true quite generally, as long as the order of integration
and differentiation can be interchanged.)

Verify that the inverse of the Fisher-information has entries of the form
(I(E)_l)ij,kl = 00l + 0§10 k. (6.5.2)

Solution. We compute the Fisher-information matrix using formula (6.5.1)), which
decomposes as

I(%)ij0 = Aij et + Bij i, (6.5.3)
where ) )
Ajijg = =—————log det(Z 6.5.4
.kl 2 905,007 og det(X) ( )
and
By = tp[ % xreox]. (6.5.5)
Do 2 &Tijaa‘kl

We denote the inverse of a matrix ¥ = (0;;) by ¥~ = (5;;), and use the Einstein
summation convention which states that one should sum over indices occurring
twice in a product of variables. Further J;; denotes the Kronecker delta. For ex-
ample, the fact that EX ! equals the identity matrix then corresponds to

OkpOpl = Oki- (6.5.6)
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The matrices ¥ and ¥ ! are symmetric, and we identify the variables 0;j and 0,
i # j. Differentiating (6.5.6) with respect to o;; we get
aﬁpl
—0
kP 8015

(0i0jp + ip0jk)Tp1 — 0ij0ik 031 =

The left hand side comes from differentiating the first factor. The first two terms
correspond to the two occurrences of o;; in ¥ for ¢ # j. If i = j there is only
one occurrence, so this is corrected by the last term on the left hand side. By
multiplying with 4, (and summing over k), we get the useful formula

65'ql

= 51‘]‘5'(11'5'1‘[ — (5’,11‘5']‘1 -+ 6il6qj).
aO'ij

In order to calculate B;jx; in (6.5.5) we compute

0 X,0aX; 1 o _ _
9o < = > = 5 (X040 X1 + X101054 X — 055 X40qi0uX1)
ij

dij _
Differentiating once again with respect to ox; we get

dij o -
( - 2J> (Xp (611G pk01 — (TprGui + TikG1p) |G Xq
+ X404 [5kla'jk51p — (ajkmp + 5pk5'lj)] Xp) .
Taking expectations using that E[X,X,] = opq we find that

i o o
Bijr =2 (1 - ;) (0k10jk01 — G105k — 03k 0j1) -

Now consider the term A;j;j; in . To calculate it we need to know
the derivative of the determinant of a matrix A by its (¢,7)-th element. By an
expansion of the determinant, this equals the determinant of the submatrix Aij
obtained after removing the i-th row and j-th column with an appropriate sign.
If ¢ # j, then symmetry gives another term with ¢ and j exchanged. Thus we get

810g det(Z) _ (_1)i+j det(Ew) + det(E],) — 57J det(E,])
(9(Tij det(Z)

= (2 — 6ij)0_'ij-

In the last step we have used the equality det(3;;) = det(3;;) and Cramer’s rule
for matrix inversion. Differentiating with respect to o; we obtain that

2

1
Apip = =
gkl 2 Gaijaakl

1
log det(X) = 5 (GikGj1 + 0l jk — OkiOik0j1) (2 — dij).
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Note that B;j i = —2A;; - Thus, according to (6.5.3)),
I(X)ije = —Aijrr — Bijr = Aijn-

Now in order to verify the claim in (6.5.2), we need to show that the matrix
with entries A;j y; is indeed the inverse of the matrix M with entries

M;j 1 = 0041 + 040 k.
But

Aiji Myt pg = (2 = 6i) (6ip0iq + Gigbjp — Y _ Gin0GkChqOhp) (6.5.7)
!

does not look like the result we want, and indeed one last ingredient is missing.
Because of symmetry,

UE)M),; 0, = ZAij,kszl,pq # ZAij,klel,pq = Aij ki M pq-
k<l k,l

Instead,

1
E Aij i Myt pg = 3 E Aij i My pg + E Aij i My pg
k<l Kl o

The correction term is

Z Aij iiMpyi pg = (2 — (Sij) Z 0ik0jkOkpOkq- (6.5.8)
k=l k

Putting (6.5.7) and (6.5.8]) together, we obtain

2 — 0y
(I(E)M)ij,pq = (diq0jp + 5ip5jq)T]~

This might still look strange at first sight but it is actually what we are looking for.
Simply check that the right hand side is one if {i,j} = {p, ¢} and zero otherwise.

6.6 The Intersection Axiom and Its Failure

The team consisted of Thomas Friedrich, Anna Kedzierska, and Zhigiang Xu.

Problem. Let X; € [r1], X2 € [ro], and X3 € [r3] be discrete random variables.
If all joint probabilities p;jr = P(X:1 = i, X2 = j, X3 = k) are positive, then the
Intersection Axiom (Proposition |3.1.3)) implies that

XA Xo |X3 and X 1L X3 |X2 - XllL(XQ,Xg). (661)
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However, this implication might fail if some events are allowed to have zero prob-
ability. This problem explores the ways that the intersection axiom might fail,
together with a characterization of zero patterns that still allow the conclusion of
the intersection axiom to be deduced.

1. Show that the probability distribution with pi117 = page = %, and p;jr = 0

otherwise, satisfies X7 1L X5| X5 and X; 1l X3|X5 but not X; 1L (X5, X3).

2. Compute the primary decomposition of the conditional independence ideal
Iy 93 + Iy 132 for various choices of the number of states of the random
variables.

3. Give a combinatorial description of the minimal primes of Iy 93 + 14 3)2-
In particular, how many minimal primes are there?

4. Let (pijx) be a probability density satisfying X; 1l X5| X3 and X; 1 X3|Xo.
Let G be the bipartite graph with vertex set [r2]U[rs], and an edge (j, k) if the
marginal probability pyjr = Y. pijr is positive. Show that if G is connected
then X7 1l (X5, X3). Conversely, if G is disconnected it need not be true that
X1 1L (Xo, X3).

Solution. 1. For a fixed value k of random variable X3, form the r; X ro-matrix
My, := (pijk)i,;- This matrix has at most one non-zero entry and thus has rank
less than or equal to one. By Proposition it holds that X; 1 X»|Xs5. By
symmetry, we also have X; 1l X3|X5.
Let
P11 Pui2 0 Plirg cc Plrars
P = : : : : . (6.6.2)
Pri11 Pry12 e Priirs e Prirors

This matrix has exactly two non-zero entries that appear in the invertible subma-

trix
pu1 pi2 _ (1/2 0
P11 D222 0 1/2)°
Hence, rank(P) = 2, which implies that X; is not independent of (Xa, X3).

2. The following Singular code computes the primary decomposition of the con-
ditional independence ideal I¢ = Iy 93 + I 132 for binary random variables.

LIB "primdec.lib";

ring R=0, (p(1..2)(1..2)(1..2)),dp;
matrix M1[2] [2]=p(1..2)(1..2)(1);
matrix M2[2] [2]=p(1..2)(1..2)(2);
matrix N1[2][2]=p(1..2)(1)(1..2);
matrix N2[2] [2]=p(1..2)(2)(1..2);
ideal J=minor (M1,2) ,minor(M2,2);
ideal I=minor(N1,2),minor(N2,2);
primdecGTZ(I+J);
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Running the code we find that there are three irreducible components. The fol-
lowing table summarizes our findings on the number of components when varying
the number of states of the random variables:

(r1,me,7m3) | (2,2,2)  (2,2,3)  (2,24) (2,2,)5) (2,3,3)  (3,2,2) (3,3,3)
#comp’s 3 7 15 31 25 3 25

3. Based on the computations from part 2, Dustin Cartwright and Alexander
Engstrom made the following conjecture. It involves complete bipartite graphs on
a set of nodes [p] U [¢], which we denote by K, 4.

Conjecture. The minimal primes of Iy o3 + I113)2 correspond to the subgraphs
of K, r, that have the same vertex set [ro] U [rs] and that have all connected
components isomorphic to some complete bipartite graph K, , with p,q > 1.

Let 1(p, ¢) be the number of such subgraphs. Then the exponential generating

function
n(p, ¢)xPy?
f(xay) = Z ( : ')l *
pq
p>0,q>0

is equal to
fley) = el DD,

This can be proved with Stirling numbers as described in [85].

4. Since Xl_U_XQ‘Xg and Xl_U_X3|X2, the matrices Mk = (pij]f)i7j and N, =
(pijk )i,k have rank < 1 for all k € [r3] and j € [ro], respectively. Suppose the graph
G defined in the problem is connected. In order to prove that X; 1l (X5, X3), we
need to show that each 2 x 2 minor of the matrix P in is zero, or equivalently
that any non-zero column in P is a multiple of any other non-zero column (recall
Proposition [3.1.4)). Since we are working with probability distributions, all entries
of P are non-negative, and the non-zero columns correspond to the edges in G.
Consider two non-zero columns Pj; and P/ of P. Since G is connected, there
is a sequence of edges jk = ji1ki, joka, ..., 5iki = j'k’ such that each adjacent pair
of edges share a vertex. At the first step, for instance, either jo = j; or ko = k.
It follows that columns P}, and Pj,_ ., both belong to one of the matrices
M, or Nj. Since both columns are non-zero, there is a constant c¢; # 0 such that
P, kypr = CtPjk,- Hence, Pjpr = Py, - [ ¢4, which shows that P has rank one.
If, on the other hand, the graph G is disconnected, then we can construct
a counterexample similar to the one discussed in part 1. Let C' C [r3] U [r3] be a
connected component of G. Pick a table of joint probabilities such that the only
non-zero entries are py j; for adjacent vertices j, k € C and poj ;. for adjacent vertices
j,k & C. These joint probabilities are compatible with the graph G. Moreover, it
holds that X; 1l X»| X3 because each matrix My = (p;jx):,; has only one non-zero
row, namely, the first row if k¥ € C and the second row if k& ¢ C. Similarly, we
have X711 X3| X2 because only the first row of N; is non-zero if j € C' and only
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the second row is non-zero if j € C. However, it does not hold that X; 1l (X2, X3).
To see this, pick distinct indices j,k € C and I, m & C. Then

P1jkP2Um — P1imP2ik = P1jkP2im > 0

is a non-zero 2 x 2 minor of the matrix P in (6.6.2)).

6.7 Primary Decomposition for CI Inference

The team consisted of Hugo Maruri-Aguilar, Filip Cools, and Helene Neufeld.

Problem. In Examples and [3.1.15] we saw that for either binary or normal
random variables X1, X5, and X3,

XlJJ_Xg and XlJ_l_X3|X2 — XlJ.L(XQ,Xg) or (Xl,XQ)J_LXg. (671)

The goal of this problem is to determine a characterization of the ways that the
implication (6.7.1)) can fail when X7, Xo, and X3 are discrete.

1. Show that the implication (6.7.1]) holds for discrete random variables as long
as Xo is binary.

2. Show that the implication (6.7.1) need not hold when X5 is ternary (try
computing a primary decomposition in Singular).

3. How many minimal primes does the ideal Iy 1 3+ I i 32 have for discrete ran-
dom variables? (Note: the number of components will depend on the number
of states of the random variables.)

Solution. 1. Let P = (pijk)i’j,k be the probability distribution of discrete random
variables X7 € [r1], X2 € [ro] and X3 € [r3]. We consider the case where X5 is
binary, so 7o = 2. In this case, we are going to prove ((6.7.1]).

Let Ay, Ay € R™*"s be the slices of P corresponding to X5 equals 1 or 2,
respectively. Since P satisfies both marginal and conditional independence, we
have that Ay, Ao, and A; + Ay have rank < 1. So we can write A; = xiyiT where
x; € R™*M and y; € R™*! for i = 1,2. Denote N = (z1,22) € R™*2 and
M = (y1,y2) € R"*2. We have that NMT = A; + A has rank 1.

We claim that N or M has rank < 1. Indeed, assume N and M both have
rank two. So there exist i1,4i2 € [r1] and ji,j2 € [r3] such that the submatrices
N(il, ig) € R2%2 of N, with row indices i1, i3 and M(jl,jg) € R2%2 of M, with row
indices j1, jo have non-zero determinant. The submatrix of A; + Ay corresponding
to the rows i1, 4o and columns ji, jo is equal to

N(i1,i9) M (j1, j2)" € R**2,

thus it has non-zero determinant. This is in contradiction with rank(A; + As) = 1.
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If N has rank one, the column vectors x; and x5 are linearly dependent, so
we have x5 = ax; for some a € R. The matrix (A4, As) € R71%(273) can be written
as

(Alv AQ) = xl(yfa Oéyg),

hence it has rank equal to one. This implies X; Il (X5, X3). Analogously, we can
show that rank(M) = 1 implies (X7, X3) 1L X3.

2. The implication (6.7.1)) does not always hold. For instance, consider the case
where X7 and X3 are binary and Xs is ternary. Using Singular, we can compute
the primary decomposition of the CI ideal I = Iy 13 + Iy 3)2-

LIB "primdec.lib";

ring r=0, (p(1..2)(1..3)(1..2)),dp;
matrix s1Z1[2] [2]=p(1..2)(1)(1..2);
matrix s1Z2[2] [2]=p(1..2)(2)(1..2);
matrix s1z3[2] [2]=p(1..2)(3)(1..2);
matrix s1Z[2] [2]=s1Z1+s1Z2+s1Z3;
ideal I=minor(slZ1,2),minor(slZ2,2),minor(slZ3,2) ,minor(slZ,2);
dim(std(I));

8

list L=primdecGTZ(I);

size(L);

1

So the algebraic variety V(I) C R'? is 8-dimensional and I has only one min-
imal prime. By examining list of primary components L, it follows that I is a
prime ideal. We can also compute the dimensions of the varieties V(I y {2 3}) and
V(I{1,2y13). The Singular code below computes dim(V (I y 12.3}))-

matrix s1Y1[2][3]=p(1..2)(1..3)(1);
matrix s1Y2[2] [3]=p(1..2)(1..3)(2);
ideal IX=minor(concat(slY1,s1Y2),2);
dim(std(IX));

7

Hence, the variety V() contains V/(Iy1 ¢2,3) and V(If12y113) as subvarieties of
codimension one. This shows the implication (6.7.1)) does not hold in this case.

3. The number of minimal primes is given by the formula
max{1, min{ry,re,r3,r1 + 135 — r2}}.

We will now explain what these minimal primes are, and how they are derived.
Our explanation is geometric and describes the varieties V' (Q) associated to each
minimal prime @), rather than ideal generators of the minimal primes.

Let P = (pijk) be the 71 X ry x r3 probability tensor and denote by A;
the slice of P corresponding to Xo = j, for all j = 1,...,75. Since X7 1 X3 and
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X1 X35| X5, this implies that A;,...,A4,,, A1 + ...+ A,, have rank < 1. For all
j=1,...,7, we can write A; as ;5] where z; € R™*! and y; € R™*!. Hence,
the rank one matrix A; + ...+ A,, is equal to NM7, where

N=(x1,...,2p,) ER™*™ and M = (y1,...,Yr,) € R™®*"2,

Let v : R™ — R be the linear map defined by IV, and let p : R™ — R™ be the
map corresponding to M T,

Denote by V;: the set of all joint probability distributions P of X, Xs, X3
such that X 1L X3, X; 1l X3|X5, dim(image(v)) = s and dim(image(u)) = t. For
P € V4, we have

dim(image(u) + ker(v)) — (re —s) =t — dim(ker(v) Nimage(u))
= dim(image(v o u)) = rank(NM7T) = 1.

Let V;; be the (Zariski) closure of \N/S,t. These have the following properties:

e The sets V; ; are irreducible.

e The set V;+ is non-empty if and only if
0<s<ry, 0<t<rg, s<r, t<rgandro—s>t—1,

which is equivalent to 0 < s < min{ry, 73} and 0 < t < min{rs,re,ro —s+1}.
o If Vi1, Ve v are non-empty, then Vs, C Vi if and only if s < ¢’ and ¢t < t'.

e The set Vs, gives rise to an irreducible component of V(I) if and only if
Vst # 0, but Ve, =0 for any s’ > s and Vo = 0 for any ¢’ > s.

Using the above properties, we can give an explicit description of the irreducible
component of I(V), depending on the values of rq,ra,73.

1. If r; +r3 —ry < 1, the set V;; is non-empty if and only if 0 < s < r; and
0 < t < r3. Hence the only irreducible component of I(V) corresponds to
‘/;‘1:T3'

2. If ri <o, r3 < 1o but 1 + 173 —rg > 1, the set Vi is non-empty if and only
if 0 <s<ry;and 0 <t <min{rs,ro — s+ 1}. The components of V(I) are
‘/;‘277‘34*1,1“37 ‘[1‘277’34*2,7‘3717 ceey ‘/;“1,7‘277“1*%1'

3. If r1 < ro < 13, the set Vi, is non-empty if and only if 0 < s < 7 and
0 <t <r;—s+1. The components of V(I) are Vi vy, Vary—1, -y Viy rg—ry41-

4. If r3 < ro < 71, the set V,; is non-empty if and only if 0 < s < 7o and
0 < t < min{rs,72—s+1}. The components of V(I) are V., —ryt1,rgs - - Vg1

5. If 11 > rp and r3 > rg, the set V,; is non-empty if and only if 0 < s < ry
and 0 < ¢t <ry —t+ 1. The components of V(I) are V1, Vary—1,-- -, Vi1
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Hence, the number of components of V(I) equals
max{1l, min{ry,ro, 73,71 +r3 — 12} }.

The irreducible components that arise in the solution to part 3 are the images
of quiver varieties (see [70, Chap. 17]) under a toric fiber product [91].

6.8 An Independence Model and Its Mixture

The team for this problem consisted of Dustin Cartwright, Mounir Nisse, Christof
Soger and Piotr Zwiernik.

Problem. Let M denote the independence model for four binary random variables,
where the first two variables are identically distributed, and the last two variables
are identically distributed.

Express M as a log-linear model and find its Markov basis.
Compare the degree of M with the maximum likelihood degree of M.

How does one compute the marginal likelihood integrals for the model M?

- W e

Let Mixt*(M) denote the mixture model which consists of all distributions
that are convex combinations of two distributions in M. Describe the geom-
etry of this semi-algebraic set.

5. Pick a data set and run the expectation maximization (EM) algorithm for
Mixt?(M) on your data set.

6. Compare the degree of Mixt*(M) with the maximum likelihood degree of
Mixt?(M).

7. How does one compute marginal likelihood integrals for the model Mixt? (M)?

Solution. 1. In the solution to this problem, we use some of the notational conven-
tions from Section We describe M for the binary random variables X7, Xo, X3
and X, where the first two variables are identically distributed, and the last two
variables are identically distributed. If we set p;jn = PX; =4, Xo = 4,X; =
k, X5 = 1) where i,j,k,l € {0,1} then, since the four variables are independent,
we have

pijii = P(X1=1)-P(Xos=j) - P(X3=k)-P(X4=1).

The first two variables are identically distributed, so we have P(X; = 0) = P(X, =
0) = sp and P(X; = 1) = P(Xy = 1) = s1. The same holds for the two last
variables P(X3 =0) = P(X4 =0) =ty and P(X3 =1) = P(X4 = 1) = ¢;. Thus,
for example, Poooo = S%t% and P11o1 = S%totl.
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We now write out the matrix A defining the log-linear model M as follows.
The rows correspond to the four model parameters sg, s1, tg, and t1. The columns
correspond to the probabilities p;jxi, listed in lexicographic order. The resulting
matrix A equals

0000 0001 0010 0011 0101 0101 0110 0111 1000 1001 1010 1011 1101 1101 1110 1111
22 2 2 1 1 1 1 1 1 1 1 O O O O

o o o0 o0 1 1 1 1 1 1 1 1 2 2 2 2
21 1 o0 2 1 1 0 2 1 1 0 2 1 1 O
o 1 1 2 o0 1 1 2 o0 1 1 2 0 1 1 2

To get the Markov basis of this model we use 4ti2. We enter the matrix A into
an input file that we call m.mat, and then we issue the command markov m. This
generates the Markov basis in the file m.mar, where the elements are the row
vectors. The first four lines of output are

27 16

0o 0 0000 0O OOOOOOTI1T-10
0o 0 0 0600 0 0 0 O0OO0OO0OT1T-201
60 o0 o0 0 0 00 1 00 O0-1 0 0 0O

This means the Markov basis consists of 27 elements. The first three vectors in the
output represent the binomials p1101 — p1110, P1100P1111 — PHor and poi11 — pioii-
These are minimal generators of the toric ideal of A. In total, the Markov basis
consists of seven linear binomials and twenty binomials of degree two.

2. Next we use the Markov basis computed by 4ti2 to describe the model M in
Singular. To do this, we use the command output --binomial m.mar in 4ti2,
where m.mar is the name of the file containing the Markov basis. This writes the
Markov basis as a list of binomials. This is not exactly in the format used by
Singular, but we can use “search and replace” to prepare our Singular input:

ring R = 0, (x(1..16)), dp;
ideal II =

x(14)-x(15),
x(13)*x(16)-x(14) "2,
x(8)-x(12),

ideal I = std(II);
degree(I);

Here x(1),%(2),... stand for poooo, Pooo1, - - -- This code generates the output:

// dimension (proj.) 2

// degree (proj.) =8

We see that the degree of the model M equals 8. On the other hand, the
maximum likelihood degree of M is just 1 because, for an independence model,
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the maximum likelihood estimates are given by a rational function in the data

(compare Example [2.1.2)):
n o (AU)Q
= 1- = v 7
o1 50 (Au)1 + (A’U,)Q7
o= 1—14 = (Au)s

 (Au)z + (Au)y’

3. To compute the marginal likelihood integral of M we use the formula in Lemma
Our independence model has two groups of distributions with two random
variables in each group, so that m = 2, s;1 = sy = 2. The variables are binary, that
is, 71 = ro = 1. Given a data set u with n = ) u;, the marginal likelihood is

1 1 2 2
n! ~/9bd9 _ nl b
u1!-~u16! ) u1!~--u16! (2n+1)‘ ’

where © = A; x A; is the unit square, and
by
by
by
b

= Au.

We shall evaluate the marginal likelihood integral for a particular data set u.
But first we make a simplification. We have several identical columns in A corre-
sponding to events with identical probabilities. We can combine the occurrences
of these events to get a reduced model matrix A of format 4 x 9:

2 0 0 0

A:

O NN O N
—— O N
SN ==
— ===
N O = =

0 2
0 2
2 0

— = N

2
0
2
To compute the exact value of an integral, we pick the data

i =(2,7,17,3,11,19,5, 13, 23) (6.8.1)

and use the Maple library written by Shaowei Lin, which can be found at the web-
site http://math.berkeley.edu/~shaowei/integrals.html. The command we
used is

mL(r2,21,I1,11,12,7,17,3,11,19,5,13,23] ,mixed=false) ;

This quickly returns

57696883517000264793599616123933186131788754862640988160000
34905601087767115539624642239243467952239504274075665794301699452473603
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This rational number is approximately equal to 1.652940552 - 10712,

4. We will compute equations for the mixture model using Singular. To do this, we
use the code above to create the unmixed log-linear model in the ring R. Then we
create a new ring S, which has twice as many parameters, corresponding to drawing
independent observations from the model. We create three ring homomorphisms
from R to S, which correspond to projection onto the sum of the sets of parameters
(mixtures), projection onto the first set of probabilities, and projection onto the
second set of probabilities. This method works for arbitrary secant varieties [90].

ring S = 0, (y(1..16), z(1..16)), dp;

map £ = R, y(D+z(1), y(2)+z(2), y(3)+z(3), y(4)+z(4), y(5)+z(5),
y(6)+z(6), y(T)+z(7), y(8)+z(8), y(9)+z(9), y(10)+z(10),
y(AD+z(11), y(12)+z(12), y(13)+z(13), y(14)+z(14),
y(15)+z(15), y(16)+z(16);

map g = R, y(1..16);

map h = R, z(1..16);

ideal product = g(I) + h(I);

product = std(product);

setring R;

ideal mixture = preimage(S, f, product);
mixture = std(mixture);

degree (mixture) ;

which gives the output:

// dimension (proj.) =5
// degree (proj.) = 10

In particular, notice that Mixt*(M) has the expected dimension 5 = 2 -2 + 1
obtained by a simple parameter count: there are two parameters sg and ¢y in each
of the two copies of M and one mixing parameter. We note that the generators
of the ideal of Mixt?(M) are the 3 x 3-subdeterminants of

Poooo  Poool  Poioo  Poiol
Pooio Pooir  Poiio  Poiil
Piooo Pioor Piioo  Piio1
Pioio Pioi1 Pi1io  Pii11

together with the seven linear relations pgo10 — Pooo1,P1110 — P1101, P1000 — L0100,
P1011 — Po111;P1010 — Po1105 P1010 — Po101; P1o10 — Proo1- See [90, Example 5.2].

The model Mixt?(M) is a semi-algebraic set that is strictly smaller than the
intersection of its Zariski closure, the secant variety, and the probability simplex
Aq5. For example, we will consider the point in probability space defined by pg100 =
p1ooo = 1/2, and all other probabilities 0. We can compute the fiber of the secant
variety over this point as follows:
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ideal pt = 2*x(2) - 1, 2*x(3)-1, x(1), x(4), x(5), x(6), x(7),
x(8),x(9),x(10) ,x(11),x(12) ,x(13) ,x(14) ,x(15) ,x(16) ;

setring S;

ideal fiber = product + f(pt);

fiber = std(fiber);

Since the ideal fiber is not the unit ideal, this point is in the secant variety. On
the other hand, the ideal defining the fiber contains several equations of the form
y(16)+z(16). For this equation to hold with probabilistically valid non-negative
real numbers, we must have y16 = 216 = 0. By adding these equations to the ideal:

ideal realfiber = fiber + y(4) + y(5) + y(1) + y(6) + y(7) +
y(8) + y(9) + y(10) + y(11) + y(12) + y(13) + y(14) + y(16) +
y(15);

realfiber = std(realfiber);

realfiber;

we get that realfiber is the unit ideal, so our point is not in the statistical model,
despite being in its Zariski closure.

5. In order to find the maximum likelihood estimates for the mixture model, we use
the same data vector u as before. We implement the EM algorithm in Matlab. The
algorithm consists of two steps, as described on page 22 of the ASCB book [73].
The hidden model consists of two independent distributions from the model M,
together with the mixing parameter. Here is the complete Matlab code:

function th=oberem
th = [3/5,1/5,2/3,1/3,2/5];
th0 = [0,0,0,0,0];
tab=[2 3 5; 7 11 13; 17 19 23];
tol=1e-8;
while (max(abs(th-th0))>tol)
thO=th;
[U1,U2]=oberE(tab,th0); % E step
th=oberM(U1,U2); % M step
end

function [U1,U2]=oberE(tab,th0)

s=th0(1); t=th0(2); u=th0(3); w=th0(4); p=th0(5);

P1= p*x[s72,2%s*(1-s), (1-8) "2] ’*[t~2,2%t* (1-t) , (1-t) "2];
P2=(1-p)*[u"2,2xux(1-u), (1-u) 2] ** [w"~2,2*xw*x (1-w) , (1-w) "2] ;
Ul= (P1.*tab)./(P1+P2);

U2= tab-U1l;

function th = oberM(U1,U2)
nil=sum(sum(U1));
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n2=sum(sum(U2)) ;
s=(2x(U1(1,1)+U1(1,2)+U1(1,3))+(U1(2,1)+U1(2,2)+U01(2,3)))/(2*nl);
t=(2%(U1(1,1)+01(2,1)+U1(3,1))+(U1(1,2)+U01(2,2)+U1(3,2)))/(2*n1);
u=(2x(U2(1,1)+02(1,2)+U2(1,3))+(U2(2,1)+02(2,2)+U2(2,3)))/(2*n2) ;
w=(2%(U2(1,1)+02(2,1)+U2(3,1))+(U2(1,2)+02(2,2)+U2(3,2)))/(2*n2) ;
p=n1/(n1+n2);

th=[s,t,u,w,pl;

The E-step is realized by the function oberE which computes the expected
counts U and U, for the model in each of the two hidden states. The subsequent
M-step in oberM uses the tables U; and U, to compute estimates of the parameters
0 = [s,t,v, w,7]. The algorithm repeats both steps until the parameters converge.
Convergence is checked by while (max (abs(th-th0))>tol) in the main loop.

For the initial values of parameters 6y = [3/5,1/5,2/3,1/3,2/5] we get

6= [0.2895,0.2137,0.1942,0.7973,0.6379).
Starting with different values, for example 6y = [1/5,4/5,2/5,1/5,2/5] we get
§ = [0.1942,0.7973,0.2895, 0.2137, 0.3621].

These two vectors describe essentially the same solution under the symmetry of
swapping the two copies of the model and changing 7 to 1 — 7.

6. As computed above, the degree of the mixture model is 10. We do not know
the maximum likelihood degree. Unfortunately, our Singular implementation of
Algorithm does not terminate for this model. Further work will be needed
to determine the ML degree for models such as this one.

7. To compute the marginal likelihood integral of the mixture model Mixt?(M)
we use Shaowei Lin’s Maple libary mentioned above. The relevant background is
explained in Section 3.2. The command in this case is

ML([2,2],[1,1],[2,7,17,3,11,19,5,13,23]);

This computation takes much longer (about two hours) than in the unmixed case
described in part 3 of this exercise. Eventually, Maple returns the exact value
which is a fraction with an 195 digits numerator and a 205 digits denominator.
This rational number is approximately equal to 4.373970139 - 10~°.



164 Chapter 6. Exercises



Chapter 7

Open Problems

On the final day of the Seminar, we organized a short open problem session, to
highlight some of the open problems that appeared during the lectures and to give
students an opportunity to present problems. This final chapter lists problems that
arose during the session. Their order loosely follows the order of Chapters

7.1 Symmetry and Verification of Markov Bases

Studying the output of software for computing Markov bases, such as 4ti2, often
reveals that a large set of moves contains only few different combinatorial types;
see for instance Exercise Thomas Kahle posed the following problem.

Problem. Give an algorithm that computes the combinatorial types of Markov
moves without computing the Markov basis itself.

Johannes Rauh proposed a related problem.

Problem. Given a candidate for a Markov basis, give an algorithm that can verify
that it is a Markov basis without computing one from scratch. In particular, is
there a polynomial time algorithm in the bit complexity of the input that determines
whether or not a set of integral vectors is a Markov basis of the lattice they span?

7.2 Equivariant Inclusions in Binary Graph Models

Let G = (V,E) be an undirected graph. The binary graph model B(G) is the
hierarchical log-linear model for #V binary random variables associated to the
simplicial complex

{fv:veViu{{v,w}: (v,w) € E}

given by all nodes and edges in G. Note that this notion of a graph model is in
general different from that of a graphical model, which is the hierarchical log-linear
model associated to the complex of cliques in G; recall Proposition [3.3.3
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The Markov width u(G) of a graph G is the maximal degree of a minimal
generator of the toric ideal I associated with the binary graph model B(G).
By Theorem 2u(G) is a bound on the one-norm of any move in a mini-
mal Markov basis for the model B(G). Markov widths were studied in [31]. The
following problem was proposed by Alexander Engstrom.

Problem. Let G, H be graphs and I' a group acting transitively on both: T’ C
Aut(@), T' C Aut(H). If there exists an equivariant inclusion

aLom,

show that p(G) < w(H) and “explain” the additional generators in I .

A few comments are in order to clarify this problem. Let V' be the vertex set of
G. The action of the group I' on G is a function that maps every pair (g,v) of an
element g € I' and a vertex v € V to a new vertex gv € V in such a way that (i)
(gh)(v) = g(hv) for all g,h € T and v € V, and (ii) the identity e € I" satisfies
ev = v for all v € V. The group I' being a subset of the group of automorphisms
Aut(G) means that if vw is an edge of G then so is (gv)(gw) for all g € I'. When
saying that I' acts transitively on G, we mean that for any two vertices v,w € V
there exists a group element g such that gv = w.

The notation G — H is from algebraic topology and denotes that G is
included in H, or more formally, that there is an injective function from the vertex
set of G to the vertex set of H such that if vw is an edge of G then f(v)f(w) is

an edge of H. The inclusion is equivariant, indicated by the notation G LH , if
flgv)=gf(v) forallge T and v € V.

The following is a simple example of the described situation. Let G be the
four-cycle graph with vertex set V' = {1,2,3,4} and edges 12, 23, 34, and 41.
Let T be the group generated by the cyclic permutation (1234). This group acts
transitively on G, and if we pick H to be the complete graph on V then we have

. . . . r
an equivariant inclusion G — H.

In [31] it was conjectured that the removal of an edge from a graph does
not increase its Markov width. A proof of that conjecture would solve the Markov
width part of this open problem. Unfortunately, however, there are graphs which
only differ by one edge while having toric ideals do not look like each other at all.

7.3 Optimal Scaling in Iterative Proportional Scaling

In Section we presented the ‘iterative proportional scaling’ (IPS) algorithm,
which can be used to compute maximum likelihood estimates in log-linear models.
In the setup of Algorithm the model is specified via a non-negative integer
matrix A € N®*” whose columns all sum to the same value a. This integer a enters
the IPS algorithm in Step 2, where a rescaling factor is raised to the power 1/a.
Seth Sullivant asked the following question about this exponent.
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Question. Can the exponent 1/a in Step 2 of the IPS algorithm be replaced with a
larger number while still maintaining convergence? If yes, how does this affect the
convergence rate of the algorithm? Does there exist a connection between conver-
gence rates and the mazimum likelihood degree of the model?

Note that the choice of the exponent is allowed to depend on the data vector w.

7.4 Maximum Likelihood Degree of Gaussian Cycles

For a positive integer m, let C,, be the undirected cycle with vertex set [m)]
and edges (1,2),(2,3),...,(m,m — 1), (1,m). Consider the undirected Gaussian
graphical model associated with the graph C,,. Recall from Section that this
is the family of multivariate normal distributions N (u, X) with covariance matrix
> in the set

{SePD, : (271 =0,ij ¢ E(Cpn)}.

According to Theorem maximum likelihood estimation for this model is a
matrix completion problem. Based on computations for small m, Mathias Drton
and Seth Sullivant conjectured a formula for the maximum likelihood degree.

Conjecture. The maximum likelihood degree of the undirected Gaussian graphical
model associated with C,,, the cycle of length m, is

(m—3)2""24+1, m>3.

More generally, one might hope to give combinatorial formulae for the ML degree
for Gaussian graphical models associated with arbitrary graphs.

7.5 Bumpiness of Likelihood Surface

The likelihood function of hidden variable and mixture models may have several
local maxima; see for instance Example This observation is the topic of
the next problem by Bernd Sturmfels, which concerns the independence model
Mx 1y for two discrete random variables X and Y that both take values in [r].

Problem. Construct pairs (u,s) of a data table u € N"™*" and an integer s €
N\ {0,1} for which the likelihood function of the mizture model Mixt®(Mx y)
has many local mazima in the probability simplex A,2_1. How does the number of
local mazima behave when s is fixed and r goes to infinity? Even the case of order
s =2 is of interest.

7.6  Surjectively Positive Mixture Models

Let a; denote the i-th column of a matrix A € N%*" whose columns sum to a fixed
value a. Let
bpa:RESR:(0,...,00) — (6°,...,00)
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Figure 7.1: Undirected graph with two hidden and four observed nodes.

be the monomial map determined by A. Define V4 >0 = ¢A(R‘§O) to be the non-
negative part of the toric variety associated with A. Seth Sullivant proposed the
following problem about the relationship between mixture models and secant va-
rieties. Recall Section [4.1] and in particular Example

Problem. Characterize pairs (A, s) with A € N¥" and s € N\ {0,1} such that
when taking the mixture of order s, it holds that

MiXtS(VA,Zo) = SeCS(VA)Zo) N R;O.

Furthermore, compute the tropicalization Trop(Mixt®(V4)) in these cases.

We remark that in [72], a rational map g : R? — R” such that

g(RLy) = F(R) NRY,

is called surjectively positive. Thus, this problem asks for a charactization of the
surjectively positive mixtures of toric varieties.

7.7 An Implicitization Challenge

Let M C A5 be the hidden variable model associated with the undirected
graph in Figure when all variables are binary, X7, Xs, X3, X4 are observed
and H;, Hy are hidden. The model M can be parametrized by concatenating the
monomial parametrization for the fully observed graphical model given in Propo-
sition [3.3.3] and the marginalization map that takes the joint probabilities for
(X1, X2, X3, X4, Hy, Hs) to those for (X7, X2, X3, X4). Bernd Sturmfels proposed
the following challenge.

Problem. The model M is a hypersurface in A1s. Find its degree and defining
polynomial.

7.8 Finiteness in Factor Analysis

Consider the factor analysis model discussed in Section Let F,, s be the co-
variance matrix parameter space and I, ; the associated ideal in the model with
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m observed and s hidden variables. The following questions were raised by Math-
ias Drton, Bernd Sturmfels, and Seth Sullivant in [40]; see also the concluding
paragraph of Section 1.2}

For a,b € N, let

<[Z]) —[AC[d] : #A=b).

Question. For each s > 1, does there exist mgs € N such that for all m > my it
holds that

YeFn, <<= Yaxa€Fa,foralAc <[m]> ?

S

A stronger ideal-theoretic version of this question would ask whether for each s > 1,
there exists mg € N such that for all m > ms we have

Im,s = Z IA,S~

Ae([']u])

msg

If s = 1 then it is not hard to show that m; = 4 is the smallest integer satisfying the
set-theoretic property in question. The same holds for the ideal-theoretic property
with s = 1; see [40, Theorem 16]. For general s, there is some evidence that the
set-theoretic property might hold for ms = 2(s+ 1) and larger; see [40, Prop. 30].

7.9 Rational Conditional Independence Models

As explained in Section[3.1] a conditional independence model for a random vector
X = (Xy,...,X,,) is given by a set of conditional independence statements C =
{A1 LBy |Cy, A2 1L Bo| Cs,...}. Here Ay, By, C), are pairwise disjoint subsets of
[m] for each k. We also showed that conditional independence is an algebraic
condition when X is discrete or multivariate normal; recall Propositions [3.1.74]
and Therefore, in either the Gaussian or the discrete case, the conditional
independence statements C define an ideal

Ie =Is,0B, 10y T 1a,1Bojcy + 0 -

The following question was posed by Seth Sullivant (compare Question [3.1.9).
Recall that unirational varieties are varieties that have a rational parametrization.

Question. Does every minimal prime (or irreducible component) of a Gaussian
or discrete conditional independence ideal I¢ always correspond to a unirational
variety?
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7.10 Discrete Chain Graph Models

Section [3.2] gave a brief introduction to graphical models based on chain graphs.
These graphs may have both undirected and directed edges but no semi-directed
cycles. In particular, we defined two Markov properties for chain graphs that we
distinguished using the acronyms AMP and LWF. For discrete random variables,
the AMP Markov property yields conditional independence models that are not
yet well-understood. The below problems and questions, posed by Mathias Drton,
concern their smoothness properties.

Consider the chain graph in Figure (a)7 which under the AMP Markov
property, encodes the conditional independence statements X;1 (X3, X4) and
Xoll Xy | (X1, X3). If all variables are binary, then the conditional independence
model given by these constraints is not smooth. Its singularities within the interior
of the probability simplex A5 are exactly the points corresponding to complete
independence of X5, X, and the pair (X7, X3); compare Proposition m

Problem. Describe the (positive part of the) singular locus of the discrete condi-
tional independence model defined by X111 (Xo, X4) and Xo L Xy | (X1, X3) when
X1,...,Xy have an arbitrary number of states. Does the positive part of the singu-
lar locus always include the locus of complete independence Xoll Xy 1l (X1, X3)?

Over four variables, all chain graphs other than the one in Figure a) deter-
mine discrete AMP chain graph models that are smooth over the interior of the
probability simplex.

Problem. Characterize the chain graphs for which all associated discrete AMP
chain graph models are smooth over the interior of the probability simplex. Here
‘all models’ refers to allowing all combinations of integers > 2 for the numbers of
states of the considered random variables.

7.11 Smoothness of Conditional Independence Models

In this book we encountered several examples of conditional independence models
with singularities. For instance, in Example[3.1.7] Example[3.1.15/and Exercise|6.7]
we saw that simultaneous marginal and conditional independence yields models
that may break into several components and thus be singular where the compo-
nents intersect. Another example occurred in Proposition [3.2.9] which concerned
the conditional independence statements X; 1 (Xa, X4) and Xo Il X, | (X1, X3).
For binary variables, the associated conditional independence ideal is a prime
ideal but the model is singular at positive distributions under which X,, X4 and
the pair (X7, X3) are completely independent (compare also Problem 7.10).

In the examples just mentioned, the singular loci include distributions that
exhibit additional conditional independence relations. In particular, the singulari-
ties of the above discrete models include the uniform distribution. This motivates
the following question asked by Mathias Drton.
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Question. Suppose the uniform distribution defines a regular point in a discrete
conditional independence model. Does this imply that the model is smooth over the
interior of the probability simplex?

The Gaussian analogue of this question is:

Question. Suppose the standard multivariate normal distribution N'(0, Id,,) defines
a reqular point in a Gaussian conditional independence model. Does it follow that
the model is smooth over PD,,, the cone of positive definite matrices?

7.12 Joint Entropies

Let X € [r] be a discrete random variable with distribution given by the probability
vector p € A,_1. The entropyof p= (p; | i € [r]) is

== pilog(p:).
i=1

Let X4,...,X,, be binary random variables. Their joint entropy map is the map
H Agm 1 — RQW
A
b= (H(p ))Ag[m] s

where p? denotes the probability vector for the distribution of (X; | i € A). For
example, if m =4 and p;y;+ = P(X1 =1, X3 = j) then

{1 3} Z sz+]+ 10gpl+j+

=1 5=1

The following problem was posed by Bernd Sturmfels.

Problem. Determine the image and the fibers of the joint entropy map H : A5 —
R1>60 for four binary random variables.
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